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AUTHOR’S PREFACE 


This book contains, with slight variations, the material given in 
my course at the University of Paris. I have modified somewhat 
the order followed in the lectures for the sake of uniting in a single 
volume all that has to do with functions of real variables, except 
the theory of differential equations. The differential notation not 
being treated in the “Classe de Mathématiques spéciales,”’ * I have 
treated this notation from the beginning, and have presupposed only 
a knowledge of the formal rules for calculating derivatives. 

Since mathematical analysis is essentially the science of the con- 
_ tinuum, it would seem that every course in analysis should begin, 
logically, with the study of irrational numbers. I have supposed, 
however, that the student is already familiar with that subject. The 
theory of incommensurable numbers is treated in so many excellent 
well-known works f that I have thought it useless to enter upon such 
a discussion. As for the other fundamental notions which he at the 
basis of analysis, — such as the upper limit, the definite integral, the 
double integral, etc.,—I have endeavored to treat them with all 
desirable rigor, seeking to retain the elementary character of the 
work, and to avoid generalizations which would be superfluous in a 
book intended for purposes of instruction. 

Certain paragraphs which are printed in smaller type than the 
body of the book contain either problems solved in detail or else 


* An interesting account of French methods of instruction in mathematics will 
pe found in an article by Pierpont, Bulletin Amer. Math. Society, Vol. VI, 2d series 
(1900), p. 225.— TRANS. 

{+ Such books are not common in English. The reader is referred to Pierpont, 
Theory of Functions of Real Variables, Ginn & Company, Boston, 1905; Tannery, 
Legons d’arithmétique, 1900, and other foreign works on arithmetic and on real 
functions. 
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supplementary matter which the reader may omit at the first read- 
ing without inconvenience. Each chapter is followed by a list of 
examples which are directly illustrative of the methods treated in 
the chapter. Most of these examples have been set in examina- 
tions. Certain others, which are designated by an asterisk, are 
somewhat more difficult. The latter are taken, for the most part, 
from original memoirs to which references are made. 

Two of my old students at the Ecole Normale, M. Emile Cotton 
and M. Jean Clairin, have kindly assisted in the correction of proofs; 
I take this occasion to tender them my hearty thanks. 


January 27, 1902 E. GOURSAT 


TRANSLATOR’S PREFACH 


The translation of this Course was undertaken at the suggestion 
of Professor W. F. Osgood, whose review of the original appeared 
in the July number of the Bulletin of the American Mathematical 
Society in 1903. The lack of standard texts on mathematical sub- 
jects in the English language is too well known to require insistence. 
I earnestly hope that this book will help to fill the need so generally 
felt throughout the American mathematical world. It may be used 
conveniently in our system of instruction as a text for a second course 
in calculus, and as a book of reference it will be found valuable to 
an American student throughout his work. 

Few alterations have been made from the French text. Slight 
changes of notation have been introduced occasionally for conven- 
ience, and several changes and additions have been made at the sug- 
gestion of Professor Goursat, who has very kindly interested himself 
in the work of translation. To him is due all the additional matter 
not to be found in the French text, except the footnotes which are 
signed, and even these, though not of his initiative, were always » 
edited by him. I take this opportunity to express my gratitude to 
the author for the permission to translate the work and for the 
sympathetic attitude which he has consistently assumed. I am also 
indebted to Professor Osgood for counsel as the work progressed 
and for aid in doubtful. matters pertaining to the translation. 

The publishers, Messrs. Ginn & Company, have spared no pains to 
make the typography excellent. Their spirit has been far from com- 
mercial in the whole enterprise, and it is their hope, as it is mine, 
that the publication of this book will contribute to the advance of 


mathematics in America. E. R. HEDRICK 


Aveust, 1904 
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A COURSE IN MATHEMATICAL 
| ANALYSIS 


CHAPTER I 
DERIVATIVES AND DIFFERENTIALS 
I. FUNCTIONS OF A SINGLE VARIABLE 


1. Limits. When the successive values of a variable x approach 
nearer and nearer a constant quantity a, in such a way that the 
absolute value of the difference x — a finally becomes and remains 
less than any preassigned number, the constant a is called the 
limit of the variable x This definition furnishes a criterion for 
determining whether a is the limit of the variable 2 The neces- 
sary and sufficient condition that it should be, is that, given any 
positive number ¢,no matter how small, the absolute value of x — a 
should remain less than e for all values which the variable x can 
assume, after a certain instant. 

Numerous examples of limits are to be found in Geometry 
and Algebra. For example, the limit of the variable quantity 
x = (a? — m?) /(a — m), as m approaches a, is 2a; for x — 2a will 
be less than « whenever m — a is taken less thane. Likewise, the 
variable « = a —1/n, where n is a positive integer, approaches the 
limit a when increases indefinitely; for a — a is less than e when- 
ever 7 is greater than 1/e. Itis apparent from these examples that 
the successive values of the variable a, as it approaches its limit, may 
form a continuous or a discontinuous sequence. 

It is in general very difficult to determine the limit of a variable 
quantity. The following proposition, which we will assume as self- 
evident, enables us, in many cases, to establish the existence of a limit. 


Any variable quantity which never decreases, and which always 
remains less than a constant quantity L, approaches a limit l, which 
is less than or at most equal to L. 


Similarly, any variable quantity which never increases, and which 
always remains greater than a constant quantity L', approaches a 
limit l', which is greater than ov else equal to L'. 
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For example, if each of an infinite series of positive terms is 
less, respectively, than the corresponding term of another infinite 
series of positive terms which is known to converge, then the first 
series converges also; for the sum 3, of the first terms evidently 
increases with n, and this sum is constantly less than the total sum 
S of the second series. 


2. Functions. When two variable quantities are so related that 
the value of one of them depends upon the value of the other, they 
are said to be functions of each other. If one of them be sup- 
posed to vary arbitrarily, it is called the independent variable. Let 
this variable be denoted by x, and let us suppose, for example, 
that it can assume all values between two given numbers a and 6 
(a<b). Let y be another variable, such that to each value of x 
between a and 4, and also for the values a and bd themselves, there 
corresponds one definitely determined value of y. Then y is called 
a function of «, defined in the interval (a, >); and this dependence 
is indicated by writing the equation y= f(x). For instance, it may 
happen that y is the result of certain arithmetical operations per- 
formed upon x. Such is the case for the very simplest functions 
studied in elementary mathematics, e.g. polynomials, rational func- 
tions, radicals, ete. 

A function may also be defined graphically. Let two coérdinate 
axes Ox, Oy be taken in a plane; and let us join any two points A 
and B of this plane by a curvilinear arc ACB, of any shape, which 
is not cut in more than one point by any parallel to the axis Oy. 
Then the ordinate of a point of this curve will be a function of the 
abscissa. The arc ACB may be composed of several distinct por- 
tions which belong to different curves, such as segments of straight 
lines, arcs of circles, ete. 

In short, any absolutely arbitrary law may be assumed for finding 
the value of y from that of «. The word function, in its most gen- 
eral sense, means nothing more nor less than this: to every value of 
x corresponds a value of y. 


3. Continuity. The definition of functions to which the infini- 
tesimal calculus applies does not admit of such broad generality. 
Let y = f(x) be a function defined in a certain interval (a, 6), and 
let x and x) + A be two values of x in that interval. If the differ- 
ence f(x) + h)— f(x») approaches zero as the absolute value of h 
approaches zero, the function f(x) is said to be continuous for the 
value x. From the very definition of a limit we may also say that 
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a function f(x) is continuous for «= mp if, corresponding to every 
positive number «, no matter how small, we can find a positive num- 
ber y, such that 

IP@o +h) — F@)|<e 
for every value of h less than » in absolute value.* We shall say that 
a function f(#) is continuous in an interval (a, b) if it is continuous 
for every value of x lying in that interval, and if the differences 


Sa+hy-f@, fG-4)-fE) 
each approach zero when h, which is now to be taken only positive, 
approaches zero. 

In elementary text-books it is usually shown that polynomials, 
rational functions, the exponential and the logarithmic function, 
the trigonometric functions, and the inverse trigonometric functions 
are continuous functions, except for certain particular values of 
the variable. It follows directly from the definition of continuity 
that the sum or the product of any number of continuous functions 
is itself a continuous function; and this holds for the quotient of 
two continuous functions also, except for the values of the variable 
for which the denominator vanishes. 

It seems superfluous to explain here the reasons which lead us to 
assume that functions which are defined by physical conditions are, 
at least in general, continuous. 

Among the properties of continuous functions we shall now state 
only the two following, which one might be tempted to think were 
’ self-evident, but which really amount to actual theorems, of which 
rigorous demonstrations will be given later. f 


I. If the function y =f (x) is continuous in the interval (a, b), and 
if N is a number between f(a) and f(b), then the equation f(x) = N 
has at least one root between a and b. 

Il. There exists at least one value of «x belonging to the interval 
(a, 6), inclusive of its end points, for which y takes on a value M 
which is greater than, or at least equal to, the. value of the function at 
any other point in the interval. Likewise, there exists a value of x 
for which y takes on a value m, than which the function assumes no 
_ smaller value in the interval. 


The numbers M and m are called the maximum and the minimum 
values of f(x), respectively, in the interval (a, 6). It is clear that 


* The notation |a@| denotes the absolute value of a. 
+ See Chapter IV. 
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the value of x for which f(x) assumes its maximum value M, or the 
value of # corresponding to the minimum m, may be at one of the 
end points, a or b. It follows at once from the two theorems above, 
that if N is a number between M and m, the equation f(x) = N has 
at least one root which lies between a and 0. 


4, Examples of discontinuities. The functions which we shall study 
will be in general continuous, but they may cease to be so for 
certain exceptional values of the variable. We proceed to give 
several examples of the kinds of discontinuity which occur most 
frequently. 

The function y = 1/(# — a) is continuous for every value 2 of 
x except a. The operation necessary to determine the value of y 
from that of x ceases to have a meaning when z is assigned the 
value a; but we note that when « is very near to a the absolute 
value of y is very large, and y is positive or negative with x — a. 
As the difference 2 — a diminishes, the absolute value of y increases 
indefinitely, so as eventually to become and remain greater than any 
preassigned number. This phenomenon is described by saying that 
y becomes infinite when «=a. Discontinuity of this kind is of 
great importance in Analysis. 

Let us consider next the function y=sin1/z. As x approaches 
zero, 1/x increases indefinitely, and y does not approach any limit 
whatever, although it remains between +1 and —1. The equation 
sinl/a= A, where |A|<1, has an infinite number of solutions 
which lie between 0 and «, no matter how small « be taken. What- 
ever value be assigned to y when x= 0, the function under con- 
sideration cannot be made continuous for x = 0. 

An example of a still different’kind of discontinuity is given by 
the convergent infinite series 


s eee Es 
(x) =x Ta Aan 


When x approaches zero, S(#) approaches the limit 1, although 
S(O) =0. For, when 2 = 0, every term of the series is zero, and 
hence S(0)=0. But if x be given a value different from zero, a 
geometric progression is obtained, of which the ratio is 1 /(A +27). - 
Hence 
Sn) os re 

iL 4 ; 

1-33 


=1+27; 
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and the limit of S(a) is seen to be 1. Thus, in this example, the 
function approaches a definite limit as 2 approaches zero, but that 
limit is different from the value of the function for 2 = 0. 


5. Derivatives. Let f(x) be a continuous function. Then the two 


terms of the quotient 
f@+h)—f@) 


h 


approach zero simultaneously, as the absolute value of h approaches 
zero, while x remains fixed. If this quotient approaches a limit, 
this limit is called the derivative of the function f(x), and is denoted 
by y', or by f' (a), in the notation due to Lagrange. 

An important geometrical concept is associated with this analytic 
notion of derivative. Let us consider, in a plane XOY, the curve 
AMB, which represents the function y = f(x), which we shall assume 
to be continuous in the interval (a, 6). Let M@ and M' be two points 
on this curve, in the interval (a, 6), and let their abscisse be a and 
x +h, respectively. The slope of the straight line MM/' is then 
precisely the quotient above. Now as h approaches zero the point 
M' approaches the point 7; and, if the function has a derivative, 
the slope of the line MM' approaches the limit y’. The straight line 
MM", therefore, approaches a limiting position, which is called the 
tangent to the curve. It follows that the equation of the tangent is 


Y—y=y'(X—- 2), 


where X and Y are the running coérdinates. 
To generalize, let us consider any curve in space, and let 


«= f(t); y= $(¢); z= ¥(t) 
be the codrdinates of a point on the curve, expressed as functions of 
a variable parameter ¢. Let M and M' be two points of the curve 
corresponding to two values, ¢ and ¢+h, of the parameter. The 
equations of the chord MM' are then 


Doe On a ol em Dil eee NE) 
SEtM—-FO E+4)-$OQ ¥E+HM—-¥O 
If we divide each denominator by / and then let A approach zero, 
the chord MM" evidently approaches a limiting position, which is 
given by the. equations 


SILO pe AY A Bek A 
f'(@) ¢' @) v2) 
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provided, of course, that each of the three functions f(¢), (4), ¥(¢) 
possesses a derivative. The determination of the tangent to a curve 
thus reduces, analytically, to the calculation of derivatives. 

Every function which possesses a derivative is necessarily con- 
tinuous, but the converse is not true. It is easy to give examples 
of continuous functions which do not possess derivatives for par- 
ticular values of the variable. The function y= sin1/z, for 
example, is a perfectly continuous function of x, for « = 0,* and y 
approaches zero as x approaches zero. But the ratioy/x = sin1/ax 
does not approach any limit whatever, as we have already seen. 

Let us next consider the function y = «'. Here y is continuous 
for every value of ~; and y=Owhenx=0. But the ratio y/x =a? 
increases indefinitely as « approaches zero. For abbreviation the 
derivative is said to be infinite for « = 0; the curve which repre- 
sents the function is tangent to the axis of y at the origin. 

Finally, the function 


u 
x er 


Y= A 
14+ e 


is continuous at « = 0,* but the ratio y /x approaches two different 
limits according as x is always positive or always negative while 
it is approaching zero. When z is positive and small, e!” is posi- 
tive and very large, and the ratio y/x approaches 1. But if x 
is negative and very small in absolute value, e!/* is very small, and 
the ratio y/x approaches zero. There exist then two values of the 
derivative according to the manner in which x approaches zero: the 
curve which represents this function has a corner at the origin. 

It is clear from these examples that there exist continuous func- 
tions which do not possess derivatives for particular values of the 
variable. But the discoverers of the infinitesimal calculus confi- 
dently believed that a continuous function had a derivative in gen- 
eral. Attempts at proof were even made, but these were, of course, 
fallacious. Finally, Weierstrass succeeded in settling the question 
conclusively by giving examples of continuous functions which do not 
possess derivatives for any values of the variable whatever.t But 
as these functions have not as yet been employed in any applications, 


* After the value zero has been assigned to y for x = 0.— TRANSLATOR. 

t Note read at the Academy of Sciences of Berlin, July 18, 1872. Other examples 
are to be found in the memoir by Darboux on discontinuous functions (Annales de 
VEcole Normale Supérieure, Vol. IV, 2d series). One of Weierstrass’s examples is 
given later (Chapter IX). 
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we shall not consider them here. In the future, when we say that 
a function f() has a derivative in the interval (a, 6), we shall mean 
that it has an unique finite derivative for every value of x between 
« and 6 and also for « = a (h being positive) and for x = b (h being 
negative), unless an explicit statement is made to the contrary. 


6. Successive derivatives. The derivative of a function f(x) is in 
general another function of x, f(a). If f(x) in turn has a deriva- 
tive, the new function is called the second derivative of f(x), and is 
represented by y" or by f"(x). In the same way the third deriva- 
tive y'", or f'"(a), is defined to be the derivative of the second, and 
so on. In general, the nth derivative y™, or f(a), is the deriva- 
tive of the derivative of order (n—1). If, in thus forming the 
successive derivatives, we never obtain a function which has no 
derivative, we may imagine the process carried on indefinitely. In 
this way we obtain an unlimited sequence of derivatives of the func- 
tion f(x) with which we started. Such is the case for all functions 
which have found any considerable application up to the present 
time. 

The above notation is due to Lagrange. The notation D,y, or 
D, f(z), due to Cauchy, is also used occasionally to represent the 
nth derivative. Leibniz’ notation will be given presently. 


7. Rolle’s theorem. The use of derivatives in the study of equa- 
tions depends upon the following proposition, which is known as 
folle’s Theorem : 


Let a and b be two roots of the equation f(x)=0. If the function 
J (a) ts continuous and possesses a derivative in the interval (a, b), 
the equation f'(x) = O has at least one root which lies between a and b. 


For the function f(x) vanishes, by hypothesis, for =a anda =6. 
If it vanishes at every point of the interval (a, b), its derivative also 
vanishes at every point of the interval, and the theorem is evidently 
fulfilled. If the function f(x) does not vanish throughout the inter- 
val, it will assume either positive or negative values at some points. 
Suppose, for instance, that it has positive values. Then it will have 
a maximum value M for some value of x, say x,, which lies between 
a and 6 (§ 3, Theorem IT). The ratio 


RACZI + Dei Gay), 


h 
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where hf is taken positive, is necessarily negative or else zero. 
Hence the limit of this ratio, ie. f'(a,), cannot be positive; Le. 
f'(e1)< 0. But if we consider f'(a) as the limit of the ratio » 


fe—)-F@), 
kh 


where / is positive, it follows in the same manner that /'(a)20. 
From these two results it is evident that f'(a) = 0. 


8. Law of the mean. It is now easy to deduce from the above 
theorem the important law of the mean: * 


Let f(x) be a continuous function which has a derivative in the 
interval (a, b). Then 


(1) FO) -~F@)=6— DFE); 
where c is a number between a and b. 

In order to prove this formula, let ¢ (x) be another function which 
has the same properties as f(a), i.e. it is continuous and possesses a 
_ derivative in the interval (a, 4). _ Let us determine three constants, 
A, B, C, such that the auxiliary function 

W(2)=AS@)+BO@)+C 
vanishes for «=a and for =. The necessary and sufficient 
conditions for this are 
Af(a)+ Bo(a)+C=0, Af(bt)+ Bd(b)+C=0; 


and these are satisfied if we set 


A=$(4)—$¢), B=fO)-f@, C=f(4) %)—f6)d@,. 
The new function y(a) thus defined is continuous and has a derivative 
in the interval (a,6). The derivative y'(x) = A f'(x) + B $'(x) there- 
fore vanishes for some value ¢ which lies between a and b, whence, 
replaciag A and B by their values, we find a relation of the form 


(1’) Lo 4) — 6@I SO) =[FO@) -—F@14'C. 
It is merely necessary to take $ (w) = « in order to obtain the equality 


which was to be proved. It is to be noticed that this demonstration 
does not presuppose the continuity of the derivative f'(«), | 


*“ Formule des accroissements finis.’? The French also use “Formule de la 
moyenne” asa synonym. Other English synonyms are ‘‘ Average value theorem ”’ 
and ‘‘ Mean value theorem.’’ — TRANS. 
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From the theorem just proven it follows that if the derivative 
J'(@) is zero at each point of the interval (a, 6), the function f (z) 
has the same value at every point of the interval; for the applica- 
tion of the formula to two values 2, x2, belonging to the interval 
(a, 6), gives f(x1)=f(a,). Hence, if two functions have the same 
derivative, their difference is a constant; and the converse is evi- 
dently true also. Jf a function F(a) be given whose derivative is 
J (x), all other functions which have the same derivative are found by 
adding to F(x) an arbitrary constant.* 

The geometrical interpretation of the equation (1) is very simple. 
Let us draw the curve 4 MB which represents the function y = f(x) 
in the interval (a, 6). Then the ratio [ f(b) — f(a)]/(6 — a) is the 
slope of the chord AB, while f'(c) is the slope of the tangent at a 
point C of the curve whose abscissa is c. Hence the equation (1) 
expresses the fact that there exists a point C on the curve AMB, 
between A and B, where the tangent is parallel to the chord AB. 

If the derivative /'(a) is continuous, and if we let a and 6 approach 
the same limit x, according to any law whatever, the number ec, 
which lies between a and 8, also approaches x, and the equation (1) 
shows that the limit of the ratio 


LORI) 


6—a 


is f'(a,). The geometrical interpretation is as follows. Let us 
consider upon the curve y = f(a) a point M whose abscissa is xo, 
and two points A and B whose abscisse are a and 4, respectively. 
The ratio [ f(6) — f(4)]/(@ — @) is equal to the slope of the chord 
AB, while f'(a) is the slope of the tangent at M. Hence, when 
the two points A and B approach the point M according to any law 
whatever, the secant AB approaches, as its limiting position, the 
tangent at the point M. 


* This theorem is sometimes applied without due regard to the conditions imposed in 
itsstatement. Let f(x) and ¢(a), for example, be two continuous functions which have 
derivatives f’(x), #’(x) in an interval (a, b). If the relation f’(x) (x) — f (x) ¢’(~) =0 
is satisfied by these four functions, it is sometimes accepted as proved that the deriva- 
tive of the function f/ ¢, or [f’(a) ¢ (a) — f(x) ¢’(x)]/ $2, is zero, and that accordingly 
JF/¢ is constant in the interval (a, 6). But this conclusion is not absolutely rigorous 
unless the function ¢ (x) does not vanish in the interval (a, b). Suppose, for instance, 
that ¢ (x) and ¢’(x) both vanish for a value ¢ between a and’. A function f (x) equal 
to C,¢(x) between a and c, and to C.¢(x) between c and b, where C; and C2 are dif- 
ferent constants, is continuous and has a derivative in the interval (a, 0), and we have 
T’(x) ¢ (x) — Ff (x) ¢’(x) = 0 for every value of x in the interval. The geometrical 
interpretation is apparent. 
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This does not hold in general, however, if the derivative is not 
continuous. For instance, if two points be taken on the curve 
y = x, on opposite sides of the y axis, it is evident from a figure 
that the direction of the secant joining them can be made to approach 
any arbitrarily assigned limiting value by causing the two points to 
approach the origin according to a suitably chosen law. 

The equation (1') is sometimes called the generalized law of the 
mean. From it de l’Hospital’s theorem on indeterminate forms fol- 
lows at once. For, suppose f(a) = 0 and ¢(@)=9. Replacing bd 


by « in (1’), we find 
F@) re f'@) 
P(x) $'(a1) 


where x, lies between a and x. This equation shows that if the 
ratio f'(x) /o'(x) approaches a limit as x approaches a, the rati 
JS (x) /$ (x) approaches the same limit, if f(a) =90 and $o(a)=09. 


9. Generalizations of the law of the mean. Various generalizations of the law 
of the mean have been suggested. The following one is due to Stieltjes (Bulletin 
de la Société Mathématique, Vol. XVI, p. 100). For the sake of definiteness con- 
sider three functions, f(z), g(x), h(x), each of which has derivatives of the first 
and second orders. Let a, b, c be three particular values of the variable (a<b<c). 
Let A be a number defined by the equation 


F(a) g(a) h(a) la @ 
F(0) g(b) h(b)-|— A) 1b 62 | =0; 
f(c) g(c) h(c) Te enes 
and let 
f(a) g(a) h(a) 1 @, ai 
p(e) =| f(b) g(b) h(b)|—A} 1 0 B 
f(t) g(@) h(a) a 


be an auxiliary function. Since this function vanishes when x = b and when 
x = Cc, its derivative must vanish for some value ¢ between b andc. Hence 


f(a) g(a) h(a) la a 
f(b) g(b) h(bt) |—A] 1 b B&B l=0. 
LH) 9S) WG) EE 


If b be replaced by z in the left-hand side of this equation, we obtain a function 
of x which vanishes when x = a and when «= 6. Its derivative therefore van- 
ishes for some value of @ between a and b, which we shall call & The new 
equation thus obtained is 


f(a) g(a) h(a) Ie iawea2 
F'(é) og (E) RE) |—Al O 1 BE | =O. 
LH) (SE) BS) Oe 2 


Finally, replacing ¢ by & in the left-hand side of this equation, we obtain a func< 
tion of x which vanishes when « =~ and when a= ¢_ Its derivative vanishes 
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for some value y, which lies between ~ and ¢ and therefore between a and c. 
Hence A must have the value 


1|7@ 9(@) h(a) 
A=>,| f(e) 9 (8) WE) 
“| F(a) 9 (a) h(n) 


where é lies between a and 0, and 7 lies between a and c. 

This proof does not presuppose the continuity of the second derivatives 
F(z), 9 (x), h(x). Tf these derivatives are continuous, and if the values a, b, c 
approach the same limit a9, we have, in the limit, 


F (®o) g (®o) hk (#0) 
TF’ (Go) 9 (0) 2’ (0) 
Fo) 9’ (0) h’”(&o) 


Analogous expressions exist for n functions and the proof follows the same 
lines. If only two functions f(x) and g(a) are taken, the formule reduce to the 
law of the mean if we set g(x) = 1. 

An analogous generalization has been given by Schwarz (Annali di Mathe- 
matica, 2d series, Vol. X). 


? 


Il. FUNCTIONS OF SEVERAL VARIABLES 


10. Introduction. A variable quantity w» whose value depends on 
the values of several other variables, x, y, 2, ---, ¢, which are in- 
dependent of each other, is called a function of the independ- 
ent variables x, y, z,---, t; and this relation is denoted by writing 
wo=f(x,y,2,-::,t). For definiteness, let us suppose that o = f(a, y) 
is a function of the two independent variables x and y. If we think 
of x and y as the Cartesian coérdinates of a point in the plane, 
each pair of values (x, y) determines a point of the plane, and con- 
versely. If to each point of a certain region 4 in the «zy plane, 
bounded by one or more contours of any form whatever, there 
corresponds a value of w, the function f(a, y) is said to be defined 
in the region A. 

Let (x, yo) be the codrdinates of a point M) lying in this region. 
The function f(x, y) is said to be continuous for the pair of values 
(Xo, Yo) if, corresponding to any preassigned positive number «, another 
positive number y exists such that 


lf(@o+h, Yo+ k)—f (0, Yo)|<e 


whenever |h| < y and |k| < ». 

This definition of continuity may be interpreted as follows. Let 
us suppose constructed in the xy plane a square of side 2 about 
M, as center, with its sides parallel to the axes. The point M’, 
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whose coérdinates are x) +h, ¥) + k, will lie inside this square, if 
|h|< and |k|<~y. To say that the function is continuous for the 
pair of values (2, yo) amounts to saying that by taking this square 
sufficiently small we can make the difference between the value of 
the function at M, and its value at any other point of the square less 
than ¢ in absolute value. 

It is evident that we may replace the square by a circle about 
(xo, Yo) as center. For, if the above condition is satisfied for all 
points inside a square, it will evidently be satisfied for all points 
inside the inscribed circle. And, conversely, if the condition is 
satisfied for all points inside a circle, it will also be satisfied for all 
points inside the square inscribed in that circle. We might then 
define continuity by saying that an y exists for every ¢, such that 
whenever Vi? + k? < y we also have 


| f (to + hy Yo + k) —f (Ho, Yo) | <«. 


The definition of continuity for a function of 3, 4,---, m inde- 
pendent variables is similar to the above. 

It is clear that any continuous function of the two independent 
variables x and y is a continuous function of each of the variables 
taken separately. However, the converse does not always hold.* 


11. Partial derivatives. If any constant value whatever be substi- 
tuted for y, for example, in a continuous function f(x, y), there 
results a continuous function of the single variable x The deriva- 
tive of this function of a, if it exists, is denoted by 7, (a, y) or by o,. 
Likewise the symbol w,, or f(x, y), is used to denote the derivative 
of the function f(x, vy) when x is regarded as constant and y as the 
independent variable. The functions f, (a, y) and f, (a, y) are called 
the partial derivatives of the function f(a, y). They are themselves, 
in general, functions of the two variables x and y. If we form their 
partial derivatives in turn, we get the partial derivatives of the sec- 
ond order of the given function f(a, y). Thus there are four partial 


derivatives of the second order, f,2(a, y), fry (2 Y)s Fyn (® Y)s Fae (2) Y): 
The partial derivatives of the third, fourth, and higher orders are 


* Consider, for instance, the function f («, y), which is equal to 2 wy / (x2 + y2) when 
the two variables « and y are not both zero, and which is zero when « = y = 0. It is 
evident that this is a continuous function of « when y is constant, and vice versa. 
Nevertheless it is not a continuous function of the two independent variables w and y 
for the pair of values«=0,y =0. For, if the point (2, 7) approaches the origin upon 
the line a = y, the function f(x. y) approaches the limit 1, and not zero. Such functions 
have been studied by Baire in his thesis. 
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defined similarly. In general, given a function o = f(a, y, 2, ---, t) 
of any number of independent variables, a partial derivative of the 
nth order is the result of » successive differentiations of the function 
J; in a certain order, with respect to any of the variables which occur 
inf. We will now show that the result does not depend upon the 
order in which the differentiations are carried out. 

Let us first prove the following lemma: 


Let wo = f(a, y) be a function of the two variables x and y. Then 
Jey = Sins provided that these two derivatives are continuous. 


To prove this let us first write the expression 
U=f(e + Ax, y + Ay) —f@, y + Ay)—fl@ + Ax, y) +f y) 


in two different forms, where we suppose that x, y, Az, Ay have 
definite values. Let us introduce the auxiliary function 


dv) =f + Ax, *)—f@, »), 
where v is an auxiliary variable. Then we may write 
U=¢(y t+ Ay)— oy). 
Applying the law of the mean to the function ¢(v), we have 
U = Ay $,(y + Ody), where Oe <a 
or, replacing ¢, by its value, 
U = Ay[f,(@ + Aa, y + OAy)— f,(@, y + OAy)). 


If we now apply the law of the mean to the function f, (u, y + 6Ay), 
regarding wu as the independent variable, we find 


U=Ardyfie(e+0Ax, y+ 0dy), O0< <1. 
From the symmetry of the expression U in a, y, Aw, Ay, we see that 
we would also have, interchanging x and y, 
U=AyAaf,, (x + Aa, y + 0, Ay), 
where 6, and 6! are again positive constants less than unity. Equat- 
ing these two values of U and dividing by Ax Ay, we have 
Fey (& + OL Ax, y + O AY) = Fyn (@ + O' Ax, y + OAy). 


Since the derivatives f,,,(x, y) and f,,.(#, y) are supposed continuous, 
the two members of the above equation approach f,, (#, y) and 
Fyo(®, Y), respectively, as Ax and Ay approach zero, and we obtain 
the theorem which we wished to prove. 
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It is to be noticed in the above demonstration that no hypothesis 
whatever is made concerning the other derivatives of the second order, 
feand f,, The proof applies also to the case where the function 
f(x, y) depends upon any number of other independent variables 
besides a and y, since these other variables would merely have to 
be regarded as constants in the preceding developments. 

Let us now consider a function of any number of independent 
variables, a epee: 
and let Q be a partial derivative of order n of this function. Any 
permutation in the order of the differentiations which leads to 0 
can be effected by a series of interchanges between two successive 
differentiations; and, since these interchanges do not alter the 
result, as we have just seen, the same will be true of the permuta- 
tion considered. It follows that in order to have a notation which 
is not ambiguous for the partial derivatives of the th order, it is 
sufficient to indicate the number of differentiations performed with 
respect to each of the independent variables. For instance, any nth 
derivative of a function of three variables, o = f(a, y, #), will be 
represented by one or the other of the notations 


Fcvyrar (#5 Ys 2), Divya T (L Ys 2), 


where p+q+r=n.* Either of these notations represents the 
result of differentiating f successively p times with respect to a, 
q times with respect to y, and 7 times with respect to z, these oper- 
ations being carried out in any order whatever. There are three 
distinct derivatives of the first order, f,, f,, f,; six of the second 
order, fis, Sis fas fay fas fui and 80 On. 

In general, a function of p independent variables has just as many 
distinct derivatives of order ” as there are distinct terms in a homo- 
geneous polynomial of order » in p independent variables; that is, 


(m+ 1) (n+ 2)---(n+p—1) 
1.2 ea er 


as is shown in the theory of combinations. 


Practical rules. A certain number of practical rules for the cal- 
culation of derivatives are usually derived in elementary books on 


* The notation fpr (w, y, 2) is used instead of the notation Fara (w, y, 2) for 


simplicity. Thus the notation f,,(x, y), used in place of Jiy(@, y), is simpler and 
equally clear. — TRANS. 
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the Calculus. A table of such rules is appended, the function and 
its derivative being placed on the same line: 


y =x", y! = ant); 
y= a’, aj = a log a, 
where the symbol log denotes the natural logarithm ; 
1 
y = log a, Ie 
1 = Sin of; y= COS; 
== OSs y' =— sing; 
a8 pm Ulin: 
y = are sin a, ei aye 
y = are tan x, pe, 
i) tb a? 
y= WwW, yi =uv+u!; 
ie ,_wv—u0'~” 
aaa Lae ae es, 
y=f™); Yo = f'(U) Ux 3 
y¥ =f %, wv); Yo = Ua tu + Us So + We Fro: 


The last two rules enable us to find the derivative of a function 
of a function and that of a composite function if f,, f,, f,, ave con- 
tinuous. Hence we can find the successive derivatives of the func- 
tions studied in elementary mathematics, — polynomials, rational 
and irrational functions, exponential and logarithmic functions, 
trigonometric functions and their inverses, and the functions deriv- 
able from all of these by combination. 

For functions of several variables there exist certain formule 
analogous to the law of the mean. Let us consider, for definite- 
ness, a function f(a, y) of the two independent variables ~ and y. 
The difference f(x + h, y + k)— f(a, y) may be written in the form 


fa@thy+k)—fey=Tfethy+h—-feyt)] 
+[h(@, y + k)—f(@, y)]; 


to each part of which we may apply the law of the mean. We 
thus find 


SEthyY +h) —f(%, yy=hfp(u + Oh, y +h) t+ kf, @ y+ Oh), 


where 6 and @' each lie between zero and unity. 
This formula holds whether the derivatives f, and f, are continu- 
ous or not. If these derivatives are continuous, another formula, 


\ 
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similar to the above, but involving only one undetermined number 
6, may be employed.* In order to derive this second formula, con- 
sider the auxiliary function $(¢) = f(a + ht, y + kt), where a, y, h, 
and & have determinate values and ¢ denotes an auxiliary variable. 
Applying the law of the mean to this function, we find 


¢1—¢O)=9'6), 0f0<1. 
Now ¢$(¢) is a composite function of ¢, and its derivative ¢'(¢) is 


equal to hf, (a + ht, y+ kt)+kf,(@ + ht, y + kt); hence the pre- 
ceding formula may be written in the form 


Seth ytkh)—f (a, yy =hf,(at Oh, y+ 0k) +kf,(x+ Oh, y +6k). 


12. Tangent plane to a surface. We have seen that the derivative 
of a function of a single variable gives the tangent to a plane curve. 
Similarly, the partial derivatives of a function of two variables occur 
in the determination of the tangent plane to a surface. Let 

(2) 2= F(a, y) 
be the equation of a surface S, and suppose that the function F(a, y), 
together with its first partial derivatives, is continuous at a point 
(Xo, Yo) Of the xy plane. Let 2) be the corresponding value of z, 
and My (ao, Yo, %) the corresponding point on the surface S. If 
the equations 


(3) t=f(t), y=), z=¥@ 
represent a curve C on the surface S through the point M), the 
three functions f(¢), $(¢), y(¢), which we shall suppose continuous 
and differentiable, must reduce to x», Yo, %o, respectively, for some 
value ¢) of the parameter ¢. The tangent to this curve at the point 
M, is given by the equations (§ 5) 

(4) Xe Yes A Ro 

I'(to) $'(to) (to) 

Since the curve C lies on the surface S, the equation y(t)=FT[ f(t), $(t)] 
must hold for all values of ¢; that is, this relation must be an identity 


* Another formula may be obtained which involves only one undetermined number 6, 
and which holds even when the derivatives /,and/, are discontinuous. For the applica- 
tion of the law of the mean to the auxiliary function #(t)=f(e+ht, y+h) +5 (a, y+kt) 
gives 

$(1) — $0) = $4), 0<e<1, 


Seth y +k) —f(e, y)=hfz(e + Oh, y +h +khfy(z,y + 0k), 0<0<1. 


The operations performed, and hence the final formula, all hold provided the deriva- 
tives f, and f, merely exist at the points (w + ht, y+ k), (w,y + kt), 0<t <1.—Trans. 


or 
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int. Taking the derivative of the second member by the rule for 
the derivative of a composite function, and setting t = t), we have 


(5) ¥" (to) = F"(lo) Fz, + $'(bo) Fy, 


We can now eliminate f"(t)), '(to), w'(to) between the equations (4) 
and (5), and the result of this elimination is 


(6) Z — % =(X — X) tty — Yo) ee 


This is the equation of a plane which is the locus of the tangents to 
all curves on the surface through the point M,. It is called the tan- 
gent plane to the surface. 


13. Passage from increments to derivatives. We have defined the successive 
derivatives in terms of each other, the derivatives of order n being derived from 
those of order (n —1), and so forth. It is natural to inquire whether we may 
not define a derivative of any order as the limit of a certain ratio directly, with- 
out the intervention of derivatives of lower order. We have already done some- 
thing of this kind for f,, (§ 11); for the demonstration given above shows that fry 
is the limit of the ratio 


SF (e+ Au, y + Ay) —f(@ + Aa, y)—f(@, y + Ay) +F(@, Y) 
Aa Ay 


as Az and Ay both approach zero. It can be shown in like manner that the 
second derivative f” of a function f(x) of a single variable is the limit of the 


ratio 
F(@ + hy + he) —f(@ + ix) —F (@ + he) + F(@) 
hyhe 


as hy and hg both approach zero. 
For, let us set 


fi (ev) =f(e@ + i) —f (2), 
and then write the above ratio in the form 


file + ha) — fal) _ file + Oh), 
hy he hy 


0<é<1; 
or 
f’(@ + hi + Oha) — f’(@ + he) 
hy 
The limit of this ratio is therefore the second derivative f”, provided that 


derivative is continuous. 
Passing now to the general case, let us consider, for definiteness, a function of 


three independent variables, w = f(x, y, z). Let us set 
Aw =f(e +h, y, 2)—F(& Y 2), 
Mo=f(e,y +k, 2) -—F(, % 2)s 
Mw=f(e, y,2+1)—f(%, y, 2), 


where A’w, Ak w, Alw are the first increments of w. If we consider h, k, 1 as given 
constants, then these three first increments are themselves functions of @, y, 2, 
and we may form the relative increments of these functions corresponding to 


=f" (t + 0’hy + 6h), O<0<1. 
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increments fj, k;, l, of the variables. This gives us the second increments, 
Al Ane, Al ie w,:+:+. This process can be continued indefinitely ; an increment 
of order n would be defined as a first increment of an increment of order (n — 1). 
Since we may invert the order of any two of these operations, it will be suffi- 
cient to indicate the successive increments given to each of the variables. An 
increment of order n would be indicated by some such notation as the following: 


AM w = AM Ale... ale Als Sats Ate Ab... A™ f(a, y, 2), 
where p+q+r=n, and where the increments h, k, 1 may be either equal or 
unequal. This increment may be expressed in terms of a partial derivative of 
order n, being equal to the product 
Ihe +++ bpka ++ kgh +++ ly 
x Savyren (© + Ohy + +++ + Ophy, y + Of +--+ 4+ OG kg 2+ OV L +--+ + 61,), 
where every @ lies between 0 and 1. This formula has already been proved foi 


first and for second increments. In order to prove it in general, let us assume 
that it holds for an increment of order (n — 1), and let 


$(t,Yy, %) = Awe Alp aM... Ay? A ee AY f. 
Then, by hypothesis, 
p(x, Y; 2) =he-- ‘Ryka: 6 hgh: : -U. fare—Lyaer (© + 02 h2+- ae + 6, hp, Ytrrsszte- ‘). 
But the nth increment considered is equal to (x + hi, y, Z) — o(@, y, Z); and if we 


apply the law of the mean to this increment, we finally obtain the formula sought. 
Conversely, the partial derivative j;,»,7-r is the limit of the ratio 
Al Ar. : Alp Ar. - Alt an. a al 2 
Iyhg:+-Rpkike--- Kgl: -l, 
as all the increments h, k, | approach zero. 

It is interesting to notice that this definition is sometimes more general than 
the usual definition. Suppose, for example, that w = f(x, y)= ¢(r)+ W(y) isa 
function of « and y, where neither ¢ nor y has a derivative. Then w also has 
no first derivative, and consequently second derivatives are out of the question, 
in the ordinary sense. Nevertheless, if we adopt the new definition, the deriva- 
tive fay is the limit of the fraction 


Sth ytk)—feth, y)—f(t, y+ kh) +F(@, y) 
hk : 


? 


which is equal to 
g(@th)+v(yt+h)—o(@th)—Vy)—o@-Vy¥th+¢@ +) 
hk 
But the numerator of this ratio is identically zero. Hence the ratio approaches 
zero as a limit, and we find f,, = 0.* 


* A similar remark may be made regarding functions of a single variable. For 
example, the function f(x) = x? cos1/~ has the derivative 


1 peal 
‘(w) = 3u2 cos— + 2 sin— 
443) Ay cos — Dore 


and f’(x) has no derivative forz=0. But the ratio 
fa) — 2(A+FO) | 
a 
or 8a@cos(1/2@) — 2@cos(1/a@), has the limit zero when @ approaches zero. 
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Ill. THE DIFFERENTIAL NOTATION 


The differential notation, which has been in use longer than any 
other,* is due to Leibniz. Although it is by no means indispensable, 
it possesses certain advantages of symmetry and of generality which 
are convenient, especially in the study of functions of several varia- 
bles. This notation is founded upon the use of infinitesimals. 


14. Differentials. Any variable quantity which approaches zero as 
a limit is called an infinitely small quantity, or simply an infinitesi- 
mal. The condition that the quantity be variable is essential, for 
a constant, however small, is not an infinitesimal unless it is zero. 

Ordinarily several quantities are considered which approach zero 
simultaneously. One of them is chosen as the standard of compari- 
son, and is called the principal infinitesimal. Jet « be the principal 
infinitesimal, and 8 another infinitesimal. ‘Then £8 is said to be an 
infinitesimal of higher order with respect to a, if the ratio B/a 
approaches zero with a On the other hand, @ is called an infini- 
tesimal of the first order with respect to a, if the ratio B/a 
approaches a limit K different from zero as a approaches zero. In 
this case 


Seay aia 
a 


where e is another infinitesimal with respect to a. Hence 
B=a(K+60= Ka + ae, 


and Ka is called the principal part of B. The complementary term 
ae is an infinitesimal of higher order with respect to a. In general, 
if we can find a positive power of a, say a”, such that B/a" 
approaches a finite limit A different from zero as @ approaches 
zero, 8 is called an infinitesimal of order n with respect toa. Then 
we have 

e ——E Kee, 

Qa 


or 
B= eK 6) = ha are. 


The term Ka” is again called the principal part of B. 
Having given these definitions, let us consider a continuous func- 
tion y= f(a), which possesses a derivative f'(#). Let Ax be an 


* With the possible exception or Newton’s notation. — TRANS. 
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increment of a, and let Ay denote the corresponding increment of y. 
From the very definition of a derivative, we have 


A 
ie =f'@)+ 6 


where « approaches zero with Az. If Aw be taken as the principal 
infinitesimal, Ay is itself an infinitesimal whose principal part ‘s 
f'(z)Ax.* This principal part is called the differential of y and is 
denoted by dy. 

dy = f'(a) Aa. 


When f(x) reduces to a itself, the above formula becomes dx = Az ; 
and hence we shall write, for symmetry, 


dy = f'(a) dx, 

where the increment dz of the independent variable x is to be given 
the same fixed value, which is otherwise arbitrary and of course 
variable, for all of the several dependent 
functions of x which may be under consid- 
eration at the same time. 

ie Let us take a curve C whose equation is 
V y = f(x), and consider two points on it, M 
and M', whose abscisse are x and x 4 dz, 
respectively. In the triangle W@7'N we have 


NT = MN tan Z TMN = dz f'(z). 


y 


Fie. 1 
Hence NT represents the differential dy, 


while Ay is equal to NM'. It is evident from the figure that M'T 
is an infinitesimal of higher order, in general, with respect to 7, 
as M' approaches M, unless MT is parallel to the @ axis. 

Successive differentials may be defined, as were successive deriv- 
atives, each in terms of the preceding. Thus we call the differ- 
ential of the differential of the first order the differential of the 
second order, where dx is given the same value in both cases, as 
above. It is denoted by d?y: 


dy = d (dy) =[f"(@w) dx] da = f'"(«) (dex)?*. 
Similarly, the third differential is 
By = d (dy) =[f"(@) dx*] da = f(x) (dx)?, ; 


* Strictly speaking, we should here exclude the ease where f’(z) = 0. It is, how- 
ever, convenient to retain the same definition of dy = //(«x) Av in this case also. 
even though it is not the principal part of Ay. — Trans, 
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and so on. In general, the differential of the differential of order 
(n —1) is 
ay = F(a) da®. 

The derivatives f'(a), f"(@),---, f(a), --- can be expressed, on 
the other hand, in terms of differentials, and we have a new nota- 
tion for the derivatives: 
dy 


a” 


dy d*y 
pa eae ana ainers 


y => 9 


To each of the rules for the calculation of a derivative corresponds 
a rule for the calculation of a differential. For example, we have 


da” = man" de, da*=a*logadaz; 
d. 
dloga ==, dsin x = cos x dx; o83 
dx dz 
d l a d t = ——__—_, 
arc sin % Teer arc tan x 1a 


Let us consider for a moment the case of a function of a function. 
Let y =f (uw), where wu is a function of the independent variable a, 


Then 
Yon = Iw Ux) 


whence, multiplying both sides by dx, we get 
Y,dk = fi\(U) X u,dx; 


dy = f'(u) du. 
The formula for dy is therefore the same as if w were the inde- 
pendent variable. This is one of the advantages of the differential 
notation. In the derivative notation there are two distinct formule, 


Ye = f'(@), Yu 4 EOS) Ug 
to represent the derivative of y with respect to x, according as y is 


given directly as a function of x or is given as a function of x by 
means of an auxiliary function uw. In the differential notation the 


that is, 


same formula applies in each case.* 
If y = f(u, v, w) is a composite function, we have 


at least if f,, f,,f» ave continuous, or, multiplying by dz, 
y,dx = u,du f, + v,da f, + w,dx f,, 3 


* This particular advantage is slight, however ; for the last formula above is equally 
well a general one and covers both the cases mentioned, — TRANS. 
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that is, 
dy=f,du+f,dv + f,, dw. 
Thus we have, for example, 
—ud 
d(uw) = udv + vdu, a(*) =e 

The same rules enable us to calculate the successive differentials. 
Let us seek to calculate the successive differentials of a function. 
y =f(u), for instance. We have already 


dy = f'(u) du. 
In order to calculate d?y, it must be noted that du cannot be regarded 
as fixed, since wu is not the independent variable. We must then 


calculate the differential of the composite function f'(w) du, where wu 
and du are the auxiliary functions. We thus find 


ay = f"(u) dv? + f'(u) Pu. 


To calculate d? y, we must consider d*y as a composite function, with 
u, du, d*u as auxiliary functions, which leads to the expression 

By = fl"(u)dé + 3f"(u)du@u + fl(u) Bu; 
and so on. It should be noticed that these formule for d?y, d°y, 
etc., are not the same as if w were the independent variable, on 
account of the terms d?u, d®u, etc.* 

A similar notation is used for the partial derivatives of a function 
of several variables. Thus the partial derivative of order n of 
J («, y, #), which is represented by f,»,., 1m our previous notation, 
is represented by 

anf 


Bat Oytok UE Tt 


in the differential notation.t This notation is purely symbolic, and 
in no sense represents a quotient, as it does in the case of functions 
of a single variable. 


15. Total differentials. Let w=f(x, y, z) be a function of the 
three independent variables x, y,z. The expression 


MR Ba OR a 
dw = de ag eae De dz 


* This disadvantage would seem completely to offset the advantage mentioned 
above. Strictly speaking, we should distinguish between d2y and dy, ete. — TRANS. 

+ This use of the letter 6 to denote the partial derivatives of a function of several 
variables is due to Jacobi. Before his time the same letter @ was used as is used for 
the derivatives of a function of a single variable. 
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is called the total differential of w, where dz, dy, dz are three fixed 
increments, which are otherwise arbitrary, assigned to the three 
independent variables x, y, 2. The three products 


af af af 
Caco tee ca 


are called partial differentials. 

The total differential of the second order d?w is the total differ- 
ential of the total differential of the first order, the increments 
dx, dy, dz remaining the same as we pass from one differential to 
the next higher. Hence 

od G 
@w=d (do) == bie 7 B+ a dy + eae 25 
or, expanding, 


w= ( ce ait * “L ae) de 
+(fat © by? Pee L az) ay 
+ (Po ae + SE ays eL, i) de 
BPE MSG Phy 
+2 we oe EEE eae, ae 5 ey de. 


Ox Oy Ox Oz oy 
If @f be replaced by ¢f?, the right-hand side of this equation 
becomes the square of 
of of of 
ae a dy tases 7 oe 
We may then write, symbolically, 


é 

w= Gs ay, “fe Sax)" ; 
0x oy 

it being agreed that @f? is to be replaced by 0? f after expansion. 

In general, if we call the total differential of the total differential 
of order (x —1) the total differential of order n, and denote it by 
d"w, we may write, in the same symbolism, 

ae hor of af ~\© 
d w= (Lae + 2 ay +a. dz} , 
where @f” is to be replaced by o"f after expansion; that is, in our 
ordinary notation, 


di 
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im 
do = Wye Sopaig dytdz, ptqatr=n, 

where 
n! 
pigir! 
is the coefficient of the term @”6%c’ in the development of (a + 6+c)”. 
For, suppose this formula holds for d"w. We will show that it then 
holds for d?+!w; and this will prove it in general, since we have 


already proved it for» = 2. From the definition, we find 
d"t w= d(d"w) 


MP — 


Cee 


pa A) p +1 7 
Da? dy + Oar da” dy2*' dz 


eS i d a . 
= SAzgr Bx? byt Ox? ay dy dz + 


ote 7 
* bawayoonti see = ; 


whence, replacing e"+!f by 0f"*!, the right-hand side becomes 


of of 
5S de+ 2 Lay t 2 ix), 


Li set ee ot 
(Zac + Lay + Lac) (% dx e+e ee ceo 
Hence, using the same symbolism, we may write 


Go = (ena oP ae ri 
ba ey 


orn : 
jae Da? by? Oa dx? dy? dz (Z 


or 


dy +a 


Note. Let us suppose that the expression for dw, obtained in any 
way whatever, is 


(7) dw = Pdx + Qdy+ Rdz, 
where P, Q, R are any functions 2, y, z. Since by definition 


we must have 


Ow Ow Ow 
(2-» ha joe = 0, 


where da, dy, dz are any constants. Hence 


Oo Ow _ Ow 
(8) Pears. Gyan oe 


The single equation (7) is therefore equivalent to the three separate 
equations (8); and it determines all three partial derivatives at once. 
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In general, if the nth total differential be obtained in any way 


whatever, 30 
ay = 


‘nqr 2? dy dz” ; 

then the coefficients ©,,. are respectively equal to the corresponding 
nth derivatives multiplied by certain numerical factors. Thus all 
these derivatives are determined at once. We shall have occasion 


to use these facts presently. 


16. Successive differentials of composite functions. Let o = F(w, v, «) 
be a composite function, w, v, w being themselves functions of the 
independent variables x, y, z,¢. The partial derivatives may then be 
written down as follows: 


Ow OF Ou , OF Ov , OF dw 

Ox Ou 0a | bv dx ' dw bx’ 

Ow OF Ou OF Ov , OF Ow 

dy du dy ' dv dy | bw dy 

dw OF Cu , OF dv . OF Ow 

oz Ou Oz | Ov bz iH dw Oz’ 

Ow OF 0u . OF dv. OF dw 

Gt Ou ot’ Ov Ott Ow ob 
If these four equations be multipled by dz, dy, dz, dt, respectively, 
and added, the left-hand side becomes 


2 an 4 22 By * ay + de + oat 
that is, dw; and the coefficients of 
OF OF OF 
Ou’ dv’ ow 
on the right-hand side are du, dv, dw, respectively. Hence 
(9) dw == au + oF dw + = aw, 


and we see that the expression of the total differential of the first 
order of a composite function is the same as tf the auxiliary functions 
were the independent variables. This is one of the main advantages 
of the differential notation. The equation (9) does not depend, in 
form, either upon the number or upon the choice of the independent 
variables ; and it is equivalent to as many separate equations as 
there are independent variables. 

To calculate d?, let us apply the rule just found for dw, noting 
that the second member of (9) involves the six auxiliary functions 
u, v, w, du, dv, dw. We thus find 
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2 2 OF 
w= a du® + aE dudv + oe SO eat 
u 
OF 


du dv du Ow Ou 
(ipa ede OF OFT. 
Danes ao dudv + ar dv Taam dvudw + d?v 
Cr 


ov 
and ; OF - 
+o dude +o i dv dw + Dwi dw += Pu, 


or, simplifying and using the same symbolism as above, 


2 

Pom (F aut oF av + oF aw)” + oF Pu + ree 4 cF Pw. 
This formula is somewhat complicated on account of the terms in 
d?u, d?v, d?w, which drop out when wu, v, w are the independent 
variables. This limitation of the differential notation should be 
borne in mind, and the distinction between d?w in the two cases 
carefully noted. ‘To determine d*w, we would apply the same rule 
to d?, noting that d? depends upon the nine auxiliary functions 
u, v, w, du, dv, dw, d?u, d*v, d*?w; and so forth. The general expres- 
sions for these differentials become more and more complicated ; 
d"» is an integral function of du, dv, dw, d?u, ---, d®u, d®v, d®w, and 
the terms containing d”u, d"v, d”w are 

OF oF OF 
ono eR PU + aw, 

If, in the expression for da, u, v, w, du, dv, dw, --- be replaced by 
their values in terms of the independent variables, d”w becomes an 
integral polynomial in dx, dy, dz, --- whose coefficients are equal 
(cf. Note, §15) to the partial derivatives of w of order n, multiplied 
by certain numerical factors. We thus obtain all these derivatives 
at once. 

Suppose, for example, that we wished to calculate the first and 
second derivatives of a composite function o=f(u), where u is a 
function of two independent variables wu = (a, y). If we calculate 
these derivatives separately, we find for the two partial derivatives 
of the first order 

(10) Ow = Ow Ou ‘ Ow _ Ow Ow 

Ox = Ou Ox by Ou by 
Again, taking the derivatives of these two equations with respect 
to x, and then with respect to y, we find only the three following 
distinct equations, which give the second derivatives: 
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Pw  Pw/du\? do Pu 
Ox? Ou? (=) io Ou Oa 
Pw Cwdudu dw Hu 
Ox by Ou? Ox by * bu Ox dy’ 


Pw  w/du\? TS Ou 

dy? —- du? \dy du dy 
The second of these equations is obtained by differentiating the 
first of equations (10) with respect to y, or the second of them with 


respect to a. In the differential notation these five relations (10) 
and (11) may be written in the form 


(11) 


dw = ce du, . 
(12) es 
w= a2 di? + 5 BP 


If du and d?u in these formule be replaced by 


Ou Ou Cn) 074 
poe ag fe and «da ae 


Ou 
Oa? an inp OY + Gps 


respectively, the coefficients of dx and dy in the first give the first 
partial derivatives of w, while the coefficients of dz’, 2dx dy, and 
dy” in the second give the second partial derivatives of o. 


17. Differentials of a product. The formula for the total differential 
of order n of a composite function becomes considerably simpler 
in certain special cases which often arise in practical applications. 
Thus, let us seek the differential of order n of the product of two 
functions w= uv. For the first values of n we have 


dw=vdu+tud, @o=vdu+2dudv+ud*v, +--+; 
and, in general, it is evident from the law of formation that 
d*w9=vd'ut C,dvd" ut Cod*vd"*u+---+udy, 


where C,, Co, --- are positive integers. It might be shown by alge- 
braic induction that these coefficients are equal to those of the 
expansion of (a + 6)"; but the same end may be reached by the 
following method, which is much more elegant, and which applies 
to many similar problems. Observing that C,, Cz, --- do not depend 
upon the particular functions w and v employed, let us take the 
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special functions w =e", v =e, where x and y are the two inde- 
pendent variables, and determine the coefficients for this case. We 
thus find 


w=et", dw=et¥(da+dy), ++, dw=et’(dx + dy)’, 
au=edx, @u=erdx*, ---, 
dv=edy, @Pv=edy’, --'; 
and the general formula, after division by e**¥, becomes 
(da-+- dy)” = da” + C,dydx*~* + Cydy?du"-* +.--+ dy". 
Since dx and dy are arbitrary, it follows that 


| ae ae ie el) Sea Pew 
i ieee 1.2-.-p ; 


= 
peas peeyia See. 


and consequently the general formula may be written 


(13) a (wv) =v drut F dv dtu + Ma’ dv d?u+.-+udry. 

This formula applies for any number of independent variables. 
In particular, if w and v are functions of a single variable x, we 
have, after division by dx”, the expression for the nth derivative of 
the product of two functions of a single variable. 

It is easy to prove in a similar manner formule analogous to 
(13) for a product of any number of functions. 

Another special case in which the general formula reduces to a 
simpler form is that in which w, v, w are integral linear functions 
of the independent variables 2, y, 2. 


u= ax+ by+ cat+f, 
Ui SEU ies One) 
wallet by + clz + f", 


where the coefficients a, a’, a", b, b',--- are constants. For then we 


have 
du= adu+ bdy+ edz, 


dv = a'da + b'dy + c'dz, 
dw = a'"'dx + b"dy + c"dz, 
and all the differentials of higher order d"u, d*v, d"w, where n> 1, 


vanish. Hence the formula for d*w is the same as if u, v, w were 
the independent variables; that is, 


I, § 18] THE DIFFERENTIAL NOTATION 29 
(n) 
Gio oe ant ave = ww 5 
dv ow 
We proceed to apply this remark. 


18. Homogeneous functions. A function ¢(a, y, 2) is said to be 
homogeneous of degree m, if the equation 


(u,v, W) = t"™ h(a, Y, 2) 
is identically satisfied when we set 
u= tx, v=ty, w= tz. 


Let us equate the differentials of order m of the two sides of this 
equation with respect to ¢, noting that w, v, w are linear in ¢, and that 


du = x dt, dv = y dt, dw = z dt. 


The remark just made sho.vs that 


7) 7 0b\™ 
(=< +y ite.) = m(m—1)---(m—n+1)e"—"$(a, y, 2). 


If we now set ¢=1, uw, v, w reduce to a, y, 2, and any term of 
the development of the first member, 


on 
oe ee P 9/0 a? 
A par Ou? Ov? Ow" ayes 
becomes 
a" P afd a? 
xP yt 2"; 


A SS 
Pa” BaP By! Oz" 


whence we may write, symbolically, 


a @) 
(= 4 y+. 2) = m(m —1) +++ (m—n +1) $(a% % 2) 


which reduces, for n = 1, to the well-known formula 


7) 


Various notations. We have then, altogether, three systems of nota- 
tion for the partial derivatives of a function of several variables, — 
that of Leibniz, that of Lagrange, and that of Cauchy. Each of 
these is somewhat inconveniently long, especially in a complicated 
calculation. For this reason various shorter notations have been 
devised. Among these one first used by Monge for the first and 
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second derivatives of a function of two variables is now in common 
use. If z be the function of the two variables « and y, we set 
Ia ee 
Pea 1 by’ "Oa ~ Oa Oy’ ~ Oy?’ 
and the total differentials dz and d?z are given by the formule 
dz = pdx+qdy, 
@z=—rdx+2sdxdy+tdy’. 

Another notation which is now coming into general use is the 
following. Let z be a function of any number of independent vari- 
ables 21, 2) 23) °-*, &,; then the notation 

0% + Fg Fi tony 


YASUO, aa 
Fe eS OR ORS Ota 


is used, where some of the indices a, a, ---, @, may be zeros. 


19. Applications. Let y=/f(x) be the equation of a plane curve C with 
respect to a set of rectangular axes. The equation of the tangent at a point 
M (a, y) is 

Y-y=y (& — 2). 
The slope of the normal, which is perpendicular to the tangent at the point of 
tangency, is —1/y’; and the equation of the normal is, therefore, 


(Y—y)y + (X-2)=0. 


Let P be the foot of the ordinate of the point M, and let T and WN be the 
points of intersection of the x axis with the tangent and the normal, respectively. 
The distance PN is called the subnormal ; 
PT, the subtangent; MN, the normal; and 
MT, the tangent. 

From the equation of the normal the ab- 
scissa of the point N is x + yy’, whence the 
subnormal is + yy’. If we agree to call the 
length PN the subnormal, and to attach the 
sign + or the sign — according as the direc- 
tion PN is positive or negative, the subnormal 

Fie. 2 will always be yy’ for any position of the curve 
C. Likewise the subtangent is — y/y’. 
The lengths MN and MT are given by the triangles MPN and MPT: 


y 


P. NV 


MN =V MP? + PN? =yVizy?, 
MT =VMP* + PT? = 2vi¢y?. 
y 


Various problems may be given regarding these lines. Let us find, for 
instance, all the curves for which the subnormal is constant and equal to a given 
number a. This amounts to finding all the functions y =f (x) which satisfy 
the equation yy’=a. The left-hand side is the derivative of y?/2, while the 
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right-hand side is the derivative of az. These functions can therefore differ 
only by a constant ; whence 

yr =2ax+C, 
which is the equation of a parabola along the # axis. Again, if we seek the 
curves for which the subtangent is constant, we are led to write down the equa- 
tion y’/y =1/a; whence 


© x 
logy=-—+logC, or y= Ce, 
a 


which is the equation of a transcendental curve to which the # axis is an asymp- 
tote. To find the curves for which the normal is constant, we have the equation 


yVl+y?%=a, 
or 
a a 
Vv a2 a y2 
The first member is the derivative of — Va? — y?; hence 
—Vei—y=2+ C, 
or 


(@ + Cc)? + y? = a, 
which is the equation of a circle of radius a, whose center lies on the x axis. 
The curves for which the tangent is constant are transcendental curves, which 
we shall study later. 
Let y = f(x) and Y = F(z) be the equations of two curves C and C’, and let 
M, M’ be the two points which correspond to the same value of x. In order that 
the two subnormals should have equal lengths it is necessary and sufficient that 


VS sais 


that is, that Y2 = + y? + C, where the double sign admits of the normals’ being 
directed in like or in opposite senses. This relation is satisfied by the curves 


be b? 472 
UE ae = =); yer a 
and also by tke curves 
Peer y2— Ow 
Ur = Ai) eg? 


which gives an easy construction for the normal to the ellipse and to the hyperbola. 


EXERCISES 


1. Let p = f (6) be the equation of a plane curve in polar codrdinates. Through 
the pole O draw a line perpendicular to the radius Cc 
vector OM, and let T and WN be the points where this 
line cuts the tangent and the normal. Find expres- 
sions for the distances OT, ON, MN, and MT in 
terms of f(@) and f’(@). 

Find the curves for which each of these distances, 
in turn, is constant. 


2. Let y= f(x), 2=¢(x) be the equations of a 
skew curve I’, i.e. of a general space curve. Let NV Fic. 3 
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be the point where the normal plane at a point M, that is, the plane perpendicu- 
lar to the tangent at M, meets the z axis; and let P be the foot of the perpen- 
dicular from M to the z axis. Find the curves for which each of the distances 
PN and MN, in turn, is constant. 


[Note. These curves lie on paraboloids of revolution or on spheres. ] 


3. Determine an integral polynomial f(x) of the seventh degree in 2, given 
that f(z) + 1 is divisible by (t — 1)* and f(z) — 1 by (+1)*. Generalize the 
problem. 


4. Show that if the two integral polynomials P and Q satisfy the relation 
Vi —- P?=Qv1 — 2, 


then 


dP nde 
VI-Pi Vi-a 
where n is a positive integer. 
(Note. From the relation 
(a) 1—- P= Q(1— 2) 
it follows that 
(b) — 2PP’= Q[2 Q(1 — x?) — 2 Qa]. 


The equation (a) shows that Q is prime to P; and (b) shows that P’ is divisible 
by Q] 


5*, Let R(x) be a polynomial of the fourth degree whose roots are all dif- 
ferent, and let x = U/V be a rational function of ¢, such that 


VE = V R(t), 


where R; (t) is a polynomial of the fourth degree and P/Q is a rational function. 
Show that the function U/ V satisfies a relation of the form 


le A 
VR (t) Vi (t) 
where k is a constant. ' [Jacozt. ] 


[Note. Each root of the equation R(U/V) =0, since it cannot cause R’(x) 
to vanish, must cause UV’ — VU’, and hence also dx/dt, to vanish.] 


6*. Show that the nth derivative of a function y = ¢(u), where u is a func- 
tion of the independent variable x, may be written in the form 


dry Ag A 
a a eae AAS alte pce te A 
(a) dpe EL es Oe eg 

where : 
ee aruk ok . druk-l k(k —1) we dr yk—2 4 
dx” 1 ax” iy dan 
(b) bs 
uU 


TRY aah yh ee ie 1D ee a 
) ea ( > 4) , 2) 


[First notice that the nth derivative may be written in the form (a), where the 
coefficients A,, Az, ---, A, are independent of the form of the function o (u). 
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To find their values, set ¢(u) equal to u, u?,---, w® successively, and solve the 
resulting equations for A,, de,---, An. The result is the form (b).] 
7*, Show that the nth derivative of ¢ (22) is 
qn p (x?) 
dx” 


= (2a)" p(x?) + n(n — 1) (2z)"-2g@-D(e2) +... 


n(n —1)---(n —2p +4 1) 
1.2---p 


+ (2a)"- 2p pO-P) (x?) oe, 


where p varies from zero to the last positive integer not greater than n/2, and 
where ¢@ (a?) denotes the ith derivative with respect to 2. 
Apply this result to the functions e-@’, arc sin z, arc tan &. 


8*. If x = cos u, show that 


QU (12) ae = (lyn 1.3.5---(2im — 1) 
Cif m 


sin mu, 
[OLinvE Ropricuxs. | 


9. Show that Legendre’s polynomial, 
1 dn 


ENG 2 — 1)”. 
‘ pEipereian ae Ve 


satisfies the differential equation 
Xn A aX» 
dx? dx 


Hence deduce the coefficients of the polynomial. 


(1 — 2?) +n(n+1)X,=0. 


10. Show that the four functions 
y1 = sin (narc sin 2), Y3 = sin (n arc cos @), 
Y2 = cos (narc sin 2), Ya = COS(N arc COs Z), 
satisfy the differential equation 
(1 — 2) y” — ay’ + n?y = 0. 
Hence deduce the developments of these functions when they reduce to poly- 
nomials. 


11*. Prove the formula 
° 1 


dv SA ae ex 
mae tex) =(- 1) erat 


[HaLruEn. ] 
12. Every function of the formz = x¢(y/z) + ¥ (y/2) satisfies the equation 
rx? + 2sxy + ty? = 0, 
whatever be the functions ¢ and y. 
13. The function z = z¢(a + y) + yW(a + y) satisfies the equation 
r—2)3 + t= 0, 


whatever be the functions ¢ and y. 
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14. The function z= f[x + ¢(y)] satisfies the equation ps = gr, whatever 
be the functions f and ¢. 
15. The function z = a ¢(y/z) + y~"W(y/2) satisfies the equation 
rx? + 2 sxy + ty? + px + qy = nz, 


whatever be the functions ¢ and y. 


16. Show that the function 
y =|% — ay|o1(&) + |& — ae| G2 (x) +--+ + 1% — An| bn (2), 


where ¢1 (x), ¢2(£), -++, n(x), together with their derivatives, $1 (x), $2 (a), ---, 
gn (x), are continuous functions of z, has a derivative which is discontinuous 
for & = Qj, Gz, +++, Gn. 


17. Find a relation between the first and second derivatives of the function 
z= f (a1, u), where u = (a2, ©); 1, 2, L3 being three independent variables, 
and f and ¢ two arbitrary functions. 


18. Let f(x) be the derivative of an arbitrary function f(z). Show that 


where u = [f’(«)]-2 and v = f(x) [f’(z)]-3. 


19*, The nth derivative of a function of a function u = ¢(y), where y = ¥ (2), 
may be written in the form 


n! Wt [UNG Ww h NAO) k 
De > DP EEE fas TED.) Ny ee ae ae 
af il jl---k! 70(S) (5) (=) (=) 
where the sign of summation extends over all the positive integral solutions of 


the equation + 2j+38h+.--.+lk =n, and wherep=i+j4+---+k. 
[Fas pe Bruno, Quarterly Journal of Mathematics, Vol. I, p. 359.] 


CHAPTER II 


IMPLICIT FUNCTIONS FUNCTIONAL DETERMINANTS 
CHANGE OF VARIABLE 


I. IMPLICIT FUNCTIONS 


20. A particular case. We frequently have to study functions for 
which no explicit expressions are known, but which are given by 
means of unsolved equations. Let us consider, for instance, an 
equation between the three variables a, y, z, 


(1) Fi g,07,,4) = 0, 
This equation defines, under certain conditions which we are about 


to investigate, a function of the two independent variables x and y. 
We shall prove the following theorem : 


Let © = Xo, ¥ = Yo) & = % be a set of values which satisfy the equa- 
tion (1), and let us suppose that the function F, together with its first 
derivatives, is continuous in the neighborhood of this set of values.* 
If the derivative F, does not vanish for x = a, ¥ = Yo, % = 2, there 
exists one and only one continuous function of the independent variables 
xz and y which satisfies the equation (1), and which assumes the value zo 
when x and y assume the values x and yo, respectively. 


The derivative F, not being zero for x = 2%, y = Yo, & = %, let us 
suppose, for definiteness, that it is positive. Since F, F,, F,, F, are 
supposed continuous in the neighborhood, let us choose a positive 
number / so small that these four functions are continuous for all 
sets of values z, y, 2 which satisfy the relations 

(2) |x — a|SJ, ly — ylS4 |z — |S, 
and that, for these sets of values of x, y, 2, 


F, (a, Y, z) > P, 


*In a recent article (Bulletin de la Société Mathématique de France, Vol. XXXI, 
1903, pp. 184-192) Goursat has shown, by a method of successive approximations, that 
it is not necessary to make any assumption whatever regarding F’, and F,, even as to 
their existence. His proof makes no use of the existence of 7, and #’,. His general 
theorem and a sketch of his proof are given in a footnote to § 25.— TRANS. 
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where P is some positive number. Let Q be another positive num- 
ber greater than the absolute values of the other two derivatives 
F,, F, in the same region. 

Giving 2, y, z values which satisfy the relations (2), we may then 
write down the following identity : 


F(x, y, 2) — F (20, Yor %o) = F(a, y, 2) — F (ao, Y¥; %) + F (Xo, 2) 
Te F (Xo, Yo z) +F (Xo, Yoo 2) —F (Xo, Yo) 0) 5 


or, applying the law of the mean to each of these differences, and 
observing that F(x», Yo, %o) =9, 


Fa,y,2)= (@— Lo) F,[#%o + O(a — Xo), Y z | 
+(y — yo) Fy [#0 Yo Oy — yo), #] 
+ (2 — 2) F,[%o, Yor % + 6"(z — &) ]. 


Hence F(a, y, 2) is of the form 


(3) F(a, Y Z)= a A (x, Y 2) (x aa 2) 
+ B(x, y, 2) (y¥—Y%) + C(x Y us (% — %), 
where the absolute values of the functions A(@, y, 2), B(a, y, 2), 
C(a, y, 2) satisfy the inequalities 


l41<@  [B/<@ [Cl>P 


for all sets of values of x, y, 2 which satisfy (2). Now let « be a 
positive number less than 7, and y the smaller of the two numbers 
Zand Pe/2Q. Suppose that x and y in the equation (1) are given 
definite values which satisfy the conditions 


|z —a|< 4, ly—H|< 
and that we seek the number of roots of that equation, z being 
regarded as the unknown, which lie between z—eand2+e In 
the expression (3), for F(a, y, z) the sum of the first two terms is 
always less than 2Qy in absolute value, while the absolute value of 
the third term is greater than Pe when z is replaced by 2, +e. From 
the manner in which 7 was chosen it is evident that this last term 
determines the sign of F. It follows, therefore, that F(z, y, 2) —e) <0 
and F(a, y, % +) >0; hence the equation (1) has at least one root 
which lies between z — « and z+. Moreover this root is unique, 
since the derivative F, is positive for all values of z between z —e 
and % +. It is therefore clear that the equation (1) has one and 


only one root, and that this root approaches % as 2 and y approach 
xy and yo, respectively. 
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Let us investigate for just what values of the variables « and y 
the root whose existence we have just proved is defined. Let ’ be 
the'smaller of the two numbers / and P//2Q; the foregoing reason- 
ing shows that if the values of the variables x and y satisfy the 
inequalities |a—a |< h, |y — y)|< A, the equation (1) will have one 
and only one root which lies between 2 —dandz+/. Let R bea 
square of side 2h, about the point M, (a, y%), with its sides parallel 
to the axes. As long as the point (a, y) lies inside this square, 
the equation (1) uniquely determines a function of # and y, which 
remains between 2, —/ and z+. This function is continuous, by 
the above, at the point M,, and this is likewise true for any other 
point M, of R; for, by the hypotheses made regarding the func- 
tion F and its derivatives, the derivative F,(x,, y;, 21) will be posi- 
tive at the point MM), since |z,—a|< Jl, |y, -—y|< 4, Je1 —%|< 2. 
The condition of things at M, is then exactly the same as at M,, 
and hence the root under consideration will be continuous for 
BY SE UI I Uhl 

Since the root considered is defined only in the interior of the 
region R, we have thus far only an element of an implicit function. 
In order to define this function out- 
side of R, we proceed by successive 
steps, as follows. Let ZL be a con- 
tinuous path starting at the point 
(9, Y) and ending at a point (X, Y) 
outside of R. Let us suppose that 
the variables x and y vary simul- 
taneously in such a way that the 
point (a, y) describes the path L. mate 
If we start at (a, y) with the value 
2 of z, we have a definite value of this root as long as we remain 
inside the region R. Let M, (2, y,) be a point of the path inside R, 
and z, the corresponding value of z. The conditions of the theorem 
being satisfied for x = 2, y= y,, # = %, there exists another region 
R,, about the point M,, inside which the root which reduces to 2, for 
“=2%, y=y;, is uniquely determined. This new region R, will 
have, in general, points outside of R. Taking then such a point M, 
on the path Z, inside R, but outside R, we may repeat the same con- 
struction and determine a new region R,, inside of which the solu- 
tion of the equation (1) is defined; and this process could be 
repeated indefinitely, as long as we did not find a set of values of 
x, y, 2 for which F,=0. We shall content ourselves for the present 


= 


at 
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with these statements; we shall find occasion in later chapters to 
treat certain analogous problems in detail. 


21. Derivatives of implicit functions. Let us return to the region 
R, and to the solution z= (a, y) of the equation (1), which is a 
continuous function of the two variables x and y in this region. 
This function possesses derivatives of the first order. For, keeping 
y fixed, let us give « an increment Av. Then z will have an incre- 
ment Az, and we find, by the formula derived in § 20, 


F(« + Aa, y, 2 + Az) — F(a, y, 2) 
= An F,(@ + OAx, y, 2 + Az) + Az F, (a, y, 2+ O'Az) = 0. 


Hence 


Az F,(x+ 0Ax, y,2+Az), 
aN ; 
Aa Fo, Y, 2 + WAZ) 


and when Aw approaches zero, Az does also, since z is a continuous 
function of x. The right-hand side therefore approaches a limit, 
and z has a derivative with respect to a: 


Core te 

6x F, 
In a similar manner we find 

Oe) saa. 

oy B, 


Note. If the equation F = 0 is of degree m in z, it defines m 
functions of the variables # and y, and the partial derivatives dz /éz, 
éz /ey also have m values for each set of values of the variables 
x and y. The preceding formule give these derivatives without 
ambiguity, if the variable z in the second member be replaced by 
the value of that function whose derivative is sought. 

For example, the equation 


et+y?+22-1=0 
defines the two continuous functions 
+V1—2?—7 and —V1—2-y 
for values of # and y which satisfy the inequality 2? + y? < 1. 
The first partial derivatives of the first are 


Viviait Vi_-2—y 


II, § 22] IMPLICIT FUNCTIONS 39 


and the partial derivatives of the second are found by merely chang- 
ing the signs. The same results would be obtained by using the 


formule 
Oz =k Czy. 


da oy 
replacing z by its two values, successively. 


22. Applications to surfaces. If we interpret x, y, z as the Cartesian 
coordinates of a point in space, any equation of the form 


(4) F(x, y, 2)=90 
represents a surface S. Let (a, y%, %) be the coérdinates of a point 
A of this surface. If the function F, together with its first deriva- 
tives, is continuous in the neighborhood of the set of values x», yo, 29, 
and if all three of these derivatives do not vanish simultaneously 
at the point A, the surface S has a tangent plane at A. Suppose, 
for instance, that F, is not zero for x= 2%, y=Y%, #= 2%. Accord- 
ing to the general theorem we may think of the equation solved 
for z near the point A, and we may write the equation of the surface 
in the form 
= $(%, ¥); 

where $(a, y) is a continuous function; and the equation of the 
tangent plane at A is 


rn-(2)e-v+@) om 


Replacing dz /dx and dz /éy by the values found above, the equation 
of the tangent plane becomes 


(5) (#) x- oy + (2 of) (y— w+ (4) (Gey! 


If F, = 0, but F, # 0, at A, we would consider y and z as inde- 
pendent variables and x as a function of them. We would then 
find the same equation (5) for the tangent plane, which is also evi- 
dent a priori from the symmetry of the left-hand side. Likewise 
the tangent to a plane curve F(a, y) = 0, at a point (a, Y), 1s 


(x29 (Z f) w (7 on) =o 


If the three first derivatives vanish simultaneously at the point A, 


Clg cise 
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the preceding reasoning is no longer applicable. We shall see later 
(Chapter III) that the tangents to the various curves which lie on 
the surface and which pass through A form, in general, a cone and 
not a plane. 

In the demonstration of the general theorem on implicit functions 
we assumed that the derivative F,, did not vanish. Our geometrical 
intuition explains the necessity of this condition in general. For, 
if F,,=0 but F,, # 0, the tangent plane is parallel to the z axis, 
and a line parallel to the z axis and near the line x =m, y= ¥Y% 
meets the surface, in general, in two points near the point of 
tangency. Hence, in general, the equation (4) would have two 
roots which both approach z) when « and y approach a and %, 
respectively. 

If the sphere x? + y? + 22 —1=0, for instance, be cut by the line 
y = 0, 27 =1+., we find two values of z, which both approach zero 
with ¢; they are real if « is negative, and imaginary if ¢ is positive. 


23. Successive derivatives. In the formule for the first derivatives, 


Oi ua ia an Oe SRE 


Ce We oy F. 
we may consider the second members as composite functions, z being 
an auxiliary function. We might then calculate the successive deriv- 
atives, one after another, by the rules for composite functions. The 
existence of these partial derivatives depends, of course, upon the 
existence of the successive partial derivatives of F(a, y, 2). 

The following proposition leads to a simpler method of determin- 
ing these derivatives. 

If several functions of an independent variable satisfy a relation 
F = 0, thew derivatives satisfy the equation obtained by equating to 
zero the derwative of the left-hand side formed by the rule for differ- 
entiating composite functions. For it is clear that if / vanishes 
identically when the variables which occur are replaced by func- 
tions of the independent variable, then the derivative will also van- 
ish identically. The same theorem holds even when the functions. 
which satisfy the relation / = 0 depend upon several independent 
variables. 

Now suppose that we wished to calculate the successive derivatives 
of an implicit function y of a single independent variable x defined 
by the relation 

Fe, y) = 0. 
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We find successively 


ar oF , 
Ge oy = 0, 
OR er " gro ere 
Gea Pe ba oy Y T Byad Spd a he 
OO. OH POM ARs. OR 
Gat | datdyY +8 away TF inayl' + ay” 
ag 


. ° . . . . ° . . ° . . . . . ° . ° . . ° . 9 


from which we could calculate successively y', y", y!", «+. 


Example. Given a function y = f(x), we may, inversely, consider y as the 
independent variable and as an implicit function of y defined by the equation 
y=f(«). If the derivative f’(x) does not vanish for the value 2, where 
Yo = f (@o), there exists, by the general theorem proved above, one and only one 
function of y which satisfies the relation y = f(«) and which takes on the value 
%o for y = yo. This function is called the inverse of the function f (x). To cal- 
culate the successive derivatives x,, %y2, #3, --- of this function, we need merely 
differentiate, regarding y as the independent variable, and we get 


c= I(x) Ly, 
O= f(2) (Gy)? + F(a) By, 
0 =f" (&) (Gy)? + Bf (&) hy tye + f(z) BA, 


’ 


whence 
1 4s 3 47 Lg 2 a 7 gL shh 
Lf ’ Lye = — ee. oe ee Ee) ; Leer as eee, 
(2) [f’(#)] (f(z) ] 
It should be noticed that these formule are not altered if we exchange 2, and 
f’(&), ep and f(x), v3 and f’” (x), -+-, for it is evident that the relation between 


the two functions y = f(x) and x = ¢(y) is a reciprocal one. 
As an application of these formule, let us determine all those functions 


y =f(«) which satisfy the equation 
GIO =s 8y”2 = 0. 


Taking y as the independent variable and « as the function, this equation 


becomes 
ry =.0. 


But the only functions whose third derivatives are zero are polynomials of at 
‘most the second degree. Hence x must be of the form 


e= Cyy? + Coy + Cs, 


where C, Cz, Cs are three arbitrary constants. Solving this equation for y, 
we see that the only functions y = f(«) which satisfy the given equation are 


of the form 
y=atvobrt+e, 
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where a, 0, c are three arbitrary constants. This equation represents a parabola 
whose axis is parallel to the « axis. 


24. Partial derivatives. Let us now consider an implicit function 
of two variables, defined by the equation 


(6) F (x, y, #) = 0. 


The partial derivatives of the first order are given, as we have seen, 
by the equations 


OF , OF Oz _ OF _ OF 0z _ 


@) TELA eee Oy Fy 
To determine the partial derivatives of the second order we need 
only differentiate the two equations (7) again with respect to # and 
with respect to y. This gives, however, only three new equations, 
for the derivative of the first of the equations (7) with respect to y 
is identical with the derivative of the second with respect to 2. 
The new equations are the following: 


Orn kiethya? oF (3) OF Oz 


Gut“ On Oe Oe OE Ox dz Ox? ae 
OF @F dz OF 02 OF 0z0z OF Oz 

(ST \:2u ay wou de O)2) dy be Ceamnee ce 07 Nee eas eee 

GE) Ser O20 io (2) OF Oz 


oy? Oy Oz Oy | Oz Pg me 


dy) * bz by? 


The third and higher derivatives may be found in a similar manner. 

By the use of total differentials we can find all the partiai deriva- 
tives of a given order at the same time. This depends upon the 
following theorem : 


If several functions u, v, w, --- of any number of independent vari- 
ables x, y, 2, --- satisfy a relation F = 0, the total differentials satisfy 
the relation dF = 0, which is obtained by forming the total differential 
of Fasif all the variables which occur in F were independent variables. 


In order to prove this let F (u,v, w) =0 be the given relation between 
the three functions u, v, w of the independent variables z, y, z,¢. The 
first partial derivatives of wu, v, w satisfy the four equations 


OF ou , OR Ov | Rew _ 
Ou Ox Ov Ox Ow 0x 
OF Ou OF dv OF Ow _ 
Qu Oy = Ov dy Ow by 


0, 
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OF Ou | OR dv , aF ow 
Ou oz Ov Oz Ow Oz 
OF ou n OF ty , OF ow 
ou Ot Ov Ot Ow Ot 
Muitiplying these equations by dx, dy, dz, dt, respectively, and 


adding, we find 


OF OF OF 
oie Gut CUA dw ak =), 


This shows again the advantage of the differential notation, for the 
preceding equation is independent of the choice and of the number 
of independent variables. To find a relation between the second 
total differentials, we need merely apply the general theorem to the 
equation dF =0, considered as an equation between wu, v, w, du, 
dv, dw, and so forth. The differentials of higher order than the 
first of those variables which are chosen for independent variables 
must, of course, be replaced by zeros. 

Let us apply this theorem to calculate the successive total differ- 
entials of the implicit function defined by the equation (6), where 
x and y are regarded as the independent variables. We find 


and the first two of these equations may be used instead of the five 
equations (7) and (8); from the expression for dz we may find the 
two first derivatives, from that for d*z the three of the second order, 
etc. Consider for example, the equation 
An? + Aly? ++ A'lz? — iL 
which gives, after two differentiations, 
Axdx + A'ydy + A"zdz=0, 
Adx?+ A'dy?+ Adz? + A"zd?z=0, 
whence 
Axdu+A'ly dy. 
Az 
and, introducing this value of dz in the second equation, we find 


a A(Aw? + ANZ?) da? +2A Alay dxdy+A'(A'y? + Alla?) dy 
eS is 7 Le EY AR 


Al 28 


dz = — 
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Using Monge’s notation, we have then 


Ax gees Hae. 
P ia Fae Tes lee 
_ A(Aa? ewALe 2) ea Alay, at Ae ae) 
Alla 28 a All? 28 All? 28 


This method is evidently general, whatever be the number of the 
independent variables or the order of the partial derivatives which 
it is desired to calculate. 


Example. Let z=f(x, y) be a function of and y. Let us try to calculate 
the differentials of the first and second orders dx and d*a, regarding y and z as 
the independent variables, and z as an implicit function of them. First of all, 
we have 


OF sae + Say 


Since y and z are now the independent variables, we must set 
Cy = 0-2—=0; 
and consequently a second differentiation gives 


BMAD As s 


wad +2 dedy + ~ Z 
Ay, 


aye + 2 d2x. 


In Monge’s notation, using p, q, 7, s, t for the derivatives of f(a, y), these 
equations may be written in the form 
dz = pda + qdy, 


0=rdzr?+ 2sdrdy + tdy?+ paz, 
From the first we find ; 
dz — q dy 
a SE a= ie ea | 
Dp 


and, substituting this value of dx in the second equation, 


Gh} = 


ee r dz + 2(ps —qr)dy dz + (q?r —2 pqs + p?t) dy? 
= es : 
The first and second partial derivatives of 7, regarded as a function of y and 
2, therefore, have the following values: 


ox 1 on @q 

oz op oy p 
Ox Yr ex  gqr—ps en 2pqs—pt—gr 
az? p> dyaz.—siptCS oy? ps : 


As an application of these formule, let us find all those functions f(z, y) 
which satisfy the equation 
qg’r + p?t = 2 pqs. 


If, in the equation z = f(x, y), x be considered as a function of the two inde- 
pendent variables y and z, the given equation reduces to z,2=0. This means 
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that x, is independent of y; and hence x, = ¢(z), where ¢ (2) is an arbitrary 
function of z. This, in turn, may be written in the form 


5, = — yee] =0, 


which shows that x — y ¢(z) is independent of y. Hence we may write 
c=yd¢(z)+y(), 


where y (z) is another arbitrary function of z. It is clear, therefore, that all the 
functions z = f(x, y) which satisfy the given equation, except those for which J, 
vanishes, are found by solving this last equation for z. This equation represents 
a surface generated by a straight line which is always parallel to the zy plane. 


25. The general theorem. Let us consider a system of n equations 


Fy (%, He, %y Lys Ury Uay ++, Uy) = 0, 


(E) Fy (#1, Loy -%%y Lys Uz, Ugy **y U,) = 0, 


. . ° . ° . . . : . 7 9 


F,,(@, Hoy °**y Ly Uy, Ugy ++, Un) = 0, 


between the n+p variables Uy, Ug, +++) Un} L1, Lay °++y Lp. Suppose 
that these equations are satisfied for the values x, = a}, ---, %, = 2%, 
Uy = Ul, ++-, U, =U; that the functions F, are continuous and possess 
jirst partial derivatives which are continuous, in the neighborhood of 


this system of values; and, finally, that the determinant 


OF, OF, OF, 
Cf,” cf, OF, 
A=| Gu, Ou, bu, 
OF. OF: OF, 
Ou, Ou, OU, 


does not vanish for 
0 se On phi te 
w; = Xi; Ue Ue) (@=1, 2,---,p; k=1, 2,---, n). 


Under these conditions there exists one and only one system of con- 
tinuous functions uy = $1 (1) Loy °*+) Lp)y ***) Un = Py (Li Vay ++, Ly) 
which satisfy the equations (E) and which reduce to u}, up, ++, ), 


eas eee ee 00% 
JR B= Li, o>) Vy = Te. 


*In his paper quoted above (ftn., p. 35) Goursat proves that the same conclusion 
may be reached without making any hypotheses whatever regarding the derivatives 
éF;,/ 6x; of the functions #’; with regard to the v’s. Otherwise the hypotheses remain 
exactly as stated above. It is to be noticed that the later theorems regarding the 
existence of the derivatives of the functions ¢ would not follow, however, without 
some assumptions regarding 0F';/0x;. The proof given is based on the following 
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The determinant A is called the Jacobian,* or the Functional Deter- 
minant, of the n functions Fy, F,, ---, F, with respect to the n vari- 
ables 1, %2)°--,) U,- It is represented by the notation 


D(Fi, Fy, es) Le 
Dw, UBS) 2225) Un) 
We will begin by proving the theorem in the special case of a 


system of two equations in three independent variables a, y, z and 
two unknowns w and v. 


(9) Fy (&, Ys % Uy v= 0, 
(10) F, (a, Y, 2 u, v)=0. 


These equations are satisfied, by hypothesis, for x = %, y = Y, 2 = %; 
U =U) V =; and the determinant 


OF, OF, OF, 0F, 


Ou ov Ov Ou 


does not vanish for this set of values. It follows that at least one 
of the derivatives OF, /dv, 0F,/év does not vanish for these same 
values. Suppose, for definiteness, that 0F,/¢v does not vanish. 
According to the theorem proved above for a single equation, the 
relation (9) defines a function v of the variables a, y, z, u, 


v=f (2, Y, % U), 
which reduces to v, for « = %, Y¥ = Y) 2 =% U=U- Replacing v 
in the equation (10) by this function, we obtain an equation between 
2, y, # and wu, 


B(x, y, % u) = Fi[a, y, 2 u, f(@, y, % u)l=9, 


lemma: Let Si (01, %2,°-*, Lp; Wy, Ugy***y Un), =) In (1, Vay cory Tiny Uj, Ug, --'y Un) ben 
functions of the n + p variables x; and uz, which, together with the n? partial deriva- 
tives Of; /Oux,, are continuous near x = 0, ty = 0, +++, % =0, Uy =0, +++, Up =O0. Tf 


the n functions f; and the n? derivatives of; / Ou, all vanish for this system of values, 
then the n equations 


Uy =Shi, Ug =fe, oe Un =Sn 
admit one and only one system of solutions of the form 
Uy = $1 (%, 9, SO 273) Uz = Po (xy, Xe, =e, Cy) BS) Vn Pn (24, Ve, °°", Lp), 
where $1, 2, ---, bn are continuous functions of the p variables x1, x, ---, Lp, which 
all approach zero as the variables all approach zero. The lemma is proved by means of 
asuite of functions uf”) = f;(21, 2, ++, Xp; U™—Y, uf, ..., ul™—D) G@=1, 2) +, n), 


where u{ =0. It is shown that the suite of functions u(” thus defined approaches a 
limiting function U;, which 1) satisfies the given equations, and 2) constitutes the only 
solution. The passage from the lemma to the theorem consists in an easy transforma- 
tion of the equations (E) into a form similar to that of the lemma. —TRANs. 

* JacoBI, Crelle’s Journal, Vol. XXII. 
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which is satisfied for x= 2, y= y,%=%) U=U%. Now 


0> OF, , OF, af. 


ea pee ere 


Ou” Ou dv Ou 
and from equation (9), 
oF oF, of =0: 


Ou | Oe On” 


whence, replacing ¢f/0u by this value in the expression for 06 /éu, 
we obtain 


D(F,, Fo) 
OD D(u, v) 
Due Le ero. 
Ou 


It is evident that this derivative does not vanish for the values 2, 
Yor %o» U- Hence the equation @ = 0 is satisfied when w is replaced 
by a certain continuous function u = ¢(@, y, 2), which is equal to 
UM when £=%, Y=Y%, #=%; and, replacing wu by ¢$(a, y, 2) in 
S(@, y, % u), we obtain for v also a certain continuous function. 
The proposition is then proved for a system of two equations. 

-We can show, as in § 21, that these functions possess partial 
derivatives of the first order. Keeping y and 2 constant, let us 
give « an increment Az, and let Aw and Av be the corresponding 
increments of the functions w and v. The equations (9) and (10) 
then give us the equations 


Ax ll te + Au I dees Aw aH =0 
Ox Ou ov 


OF, OF, ' OF, iin = 
ao (SE +9) + au(F ay + Av Du +7")=90, 


where «, ¢, e’, y, 7’, y'' approach zero with Az, Au, Av. It follows 


that 
oF, OF TP) \ == oF " OF, 
Au _ (Z +) (7 oe FN ee 
ao OF, ' OF i \\ = OF, w) (242 ! 
(+N (F Re fate Pe ve 
When Az approaches zero, Aw and Av also approach zero; and hence 


e €', e'', y, 7, n'' do so at the same time. The ratio Aw /Ax therefore 
approaches a limit; that is, w possesses a derivative with respect toa: 
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ou 0x Ov Ov Ox 


dn =O, OF, OF, OF, 


Ou ov ov Ou 


It follows in like manner that the ratio Av / Az approaches a finite 
limit @v /éx, which is given by an analogous formula. Practically, 
these derivatives may be calculated by means of the two equations 


OF, OF, du , OF, 00 _ 


on + Ou Oe | Ov Om” 
OF, , OF, Ou | OF Ov _y. 
Ox Ow On "Oo Cn a 
and the partial derivatives with respect to y and z may be found in 
a similar manner. 

_ In order to prove the general theorem it will be sufficient to show 
that if the proposition holds for a system of (n —1) equations, it 
will hold also for a system of n equations. Since, by hypothesis, 
the functional determinant A does not vanish for the initial values 
of the variables, at least one of the first minors corresponding to the 
elements of the last row is different from zero for these same values. 
Suppose, for definiteness, that it is the minor which corresponds to 
OF, /@u, which is not zero. This minor is precisely 


D(Fyy Fay +1) Pani), 
D (UM, Ue +++, Uy) 


and, since the theorem is assumed to hold for a system of (n — 1) 
equations, it is clear that we may obtain solutions of the first (n — 1) 
of the equations (E) in the form 


Y= $1 (%; Bey ***y Ly5 Un)s O Toby SO Si n—1 (1) Bq, +++) Byy Un)s 
where the functions ¢; are continuous. Then, replacing 1, --+, w,_, 
by the functions ¢,, ---, ¢,_, in the last of equations (E), we obtain 
a new equation for the determination of w,, 

O(x, Xa, ***5 Ly 5 Un) = Fa; Hey 20%) Lys $i, Poy °° *) Pa—iy Un) = 0. 


‘It only remains for us to show that the derivative 0 /éu, does 
not vanish for the given set of values a}, x2, ---, #9, u®; for, if so, we 
can solve this last equation in the form 


Un, = W(x, Toy *y Ly) 
where y is continuous. Then, substituting this value of w, in 
$1, ‘**> Py-1, we would obtain certain continuous functions for 
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U1, U2, +++, U,_, also. In order to show that the derivative in ques- 
tion does not vanish, let us consider the equation 


0d OF, 0 OF, 0 
(11) a pouring otra Bank 


The derivatives 0, /0u,, 0d. /0u,, +++, Ob,_,/Ou, are given by the 
(n —1) equations 


n 
° 


Ou, OU, Cu,,-; OU, OU, 


OF, 0d, OF, 0¢,1 , OF, 

Cu, “Cu, ees OU,_1 OU, Ou ioe oe 
(12) Pe RTM Tae Mask he Westen ayhtren Shy ht sok Sate 

OF ,,-1 01 1 Oby—1 1 OF 1 

On Ou, a ae Oye e Ou, ae 


and we may consider the equations (11) and (12) as n linear equa- 
tions for 0d, /0u,, ---, 0¢,_1/ 0u,, O® /éu,, from which we find 


o® DA; Faye) eS) aa. DP Pee; Ee) 
OUn Dw; Ug, ++" Un 1) D(%m, Uy) ***, Un) 


It follows that the derivative 0 /éu, does not vanish for the initial 
values, and hence the general theorem is proved. 

The successive derivatives of implicit functions defined by several 
equations may be calculated in a manner analogous to that used in 
the case of a single equation. When there are several independent 
variables it is advantageous to form the total differentials, from 
which the partial derivatives of the same order may be found. 
Consider the case of two functions u and v of the three variables 
x, y, # defined by the two equations 


F(x, y, % U, v)= 0, 
b(x, y, 2 u, v) = 0 


The total differentials of the first order dw and dv are given by the 
two equations 


OF OF OF OF OF 

Be og! tbe dz+ 7 du + dv=0, 
0 >, Ob, | 8 ao 
Ap 1 oF dy +7 a @ cline dut = dv = 0. 


Likewise, the second total differentials d?w and d*v are given by the 
equations 
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OF OF On eae 
(Faw Faw)” Tae Be cn hee 0, 
0® Go, \O 0b eee ee 
(32 ae +--+ Fa) ETc erin he 


and so forth. In the equations which give d*u and d”v the deter- 
minant of the coefficients of those differentials is equal for all values 
of n to the Jacobian D(F, ®) /D(u, v), which, by hypothesis, does not 
vanish. 


26. Inversion. Let w1, ue, --+, Un be n functions of the n independent vari- 
ables 21, %2, ---, %, Such that the Jacobian D (uy, Ue, ---, Un) /D (x1, 2, +++, Ln) 
does not vanish identically. The n equations 


(18) UWy= 1(%1, 25° * "4 i) U2 = 2(21, epiy 2 In); 240 9 
Un = n(X1, Te," "5 Ln) 
define, inversely, 71, 2, ---, Z, aS functions of uy, Ue, -++, Up. For, taking any 
system of values a?, a8, ---, «2, for which the Jacobian does not vanish, and 


denoting the corresponding values of wy, Ue, ---, Un by uf, uf, ---, u2, there 
exists, according to the general theorem, a system of functions 


Zy = Wi1(Ur, Ue,+++, Un), Ce = Wola, Ua, -++,Un)y °**, Ln = Wn(Usr, Us, +++, Un)s 
which satisfy (18), and which take on the values 2}, 2§, ---, 2°, respectively, 
when uw = ul, +++, U, =U. These functions are called the inverses of the func- 
tions $1, ¢2, °°, dn, and the process of actually determining them is called 


an inversion. 
In order to compute the derivatives of these inverse functions we need merely 
apply the general rule. Thus, in the case of two functions 


Sis ON, v= (t, ¥); 


if we consider u and v as the independent variables and % and y as inverse 
functions, we have the two equations 


EEE ay aun dp = Og ayy 
~ Oa (oh 
whence 
0 
oP iin ee, eae! as 
af op of oo’ Of OG POF Od 
ox OY oy Ox On Oy OY Ox 
We have then, finally, the formule 
og ae 
Ox _ oy OL oy 


Qu af dp Of dd ow afdg af oo’ 


On Oy oY Ox 0% Oy dy OX 
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_ oe af 

oy _ 0x oy _ an 
Qu Of dp ofod' Ww Ofoe of og 
ox oy oy Ox aa dy dy ow 


27. Tangents to skew curves. Let us consider a curve C repre- 
sented by the two equations 


Hy (&; Y, 2) = 0, 
Fi(&, y, 2)=9 


and let x, y, % be the codrdinates of a point M, of this curve, such 
that at least one of the three Jacobians 


(14) 


ORICON A CEROH. © OF, OF OF, OF, | -0F OF: On, OF. 


dy Oz. dz by’ dx Ou Ox Oz’ Oa oy Oy Ox 


does not vanish when 2, y, 2 are replaced by 2, y, 2, respectively. 
Suppose, for definiteness, that D(F,, F,)/D(y, #) is one which does 
not vanish at the point M@,. Then the equations (14) may be solved 
in the form ; 
y = $(@), z= (a), 

where ¢ and w are continuous functions of « which reduce to y, and 
Z, respectively, when «=a. The tangent to the curve C at the 
point M), is therefore represented by the two equations 


X—%& Y=%Y% Z2—% 
SSS SS =-—— 3 
1 $'(%) ——-H'(Xo) 
where the derivatives ¢'(x) and y'(x) may be found from the two 
equations 


oF, ae 
er A Ae ae y'(x) = 9, 
OF, ce 


Coro ee Bs F y'(@) = 0. 
Tn these two equations let us set x = 2%, Y = Yo) & = %, and replace 


f'(a) and w'(a) by (Y—%)/(X —%) and (Z — %) /(X — %), 
respectively. The equations of the tangent then become 


(8) -me(2) oo (8) enna 
(Boel) -wo(B) eames 
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or 
as See i SS al dee et Ren! 
ee eo eee 


The geometrical interpretation of this result is very easy. The 
two equations (14) represent, respectively, two surfaces S, and Sz, of 
which C is the line of intersection. The equations (15) represent 
the two tangent planes to these two surfaces at the point M); and 
the tangent to C is the intersection of these two planes. 

The formule become illusory when the three Jacobians above all 
vanish at the point M,. In this case the two equations (15) reduce 
to a single equation, and the surfaces S, and S, are tangent at the 
point M,. The intersection of the two surfaces will then consist, in 
general, as we shall see, of several distinct branches through the 
point MM). 
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28. Fundamental property. We have just seen what an important 
role functional determinants play in the theory of implicit functions. 
All the above demonstrations expressly presuppose that a certain 
Jacobian does not vanish for the assumed set of initial values. 
Omitting the case in which the Jacobian vanishes only for certain 
particular values of the variables, we shall proceed to examine the 
very important case in which the Jacobian vanishes identically. 
The following theorem is fundamental. 


Let uy, Ug, +++, u, be n functions of the n independent variables 
X14, Tq, +++, L,. In order that there exist between these n functions 
a relation II (uy, Ug, --*, Up) = = 0, which does not involve explicitly any 
of the variables 21, %, +++, Ly, It is necessary and sufficient that the 
functional determinant 

D (21, Ugy +++) Un) 
D(x, Xa," "y Ln) 


should vanish identically. 


In tho first place this condition is necessary. For, if such a rela- 
tion II (4, M2, ++, U,) = 0 exists between the » functions w, ws, tity Uny 
the following n equations, deduced by differentiating with respect to 
each of the x’s in order, must hold: 
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oll Ou OTL Ou oll Ou, 


Pe eeiieh i Fa. be, a 
Ollou, , OM du, oll ou, 
uy, Ox, Ou Ox, +t Bu, Bn, 3 


and, since we cannot have, at the same time, 


Cie lien cll, 


itr aie a aml 


since the relation considered would in that case reduce to a trivial 
identity, it is clear that the determinant of the coefficients, which is 
precisely the Jacobian of the theorem, must vanish.* 

The condition is also sufficient. To prove this, we shall make 
use of certain facts which follow immediately from the general 
theorems. 


1) Let u,v, w be three functions of the three independent variables 
x, y, 2, such that the functional determinant D(u, v, w)/D(a, y, 2) 
is not zero. Then no relation of the form 


Adu+pdv+vdw=0 


can exist between the total differentials du, dv, dw, except for 
A=p=v=0. For, equating the coefficients of dx, dy, dz in the 
foregoing equation to zero, there result three equations for X, p, v 
which have no other solutions than A = p=v= 0. 


2) Let w, wu, v, w be four functions of the three independent. 
variables x, y, z, such that the determinant D(u, v, w)/ D(a, y, 2) 
is not zero. We can then express x, y, 2 inversely as functions of 
u, Vv, w; and substituting these values for x, y, in w, we obtain 
a function 

o=® (u, Vv, Ww) 
of the three variables u,v, w. If by any process whatever we can 
obtain a relation of the form 


(16) dw = Pdu+ Qdv+ Rdw 


* As Professor Osgood has pointed out, the reasoning here supposes that the 
partial derivatives OII /@u,, OIl /@u,,---, OI1 / du, do not all vanish simultaneously 
for any system of values which cause II (uw, vz, ---, Up) to vanish. This supposition 
is certainly justified when the relation II = 0 is solved for one of the variables u;. 
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between the total differentials dw, du, dv, dw, taken with respect to the 
independent variables x, y, 2, then the coefficients P, Q, R are equal, 
respectively, to the three first partial derivatives of ®(u, v, w): 


For, by the rule for the total differential of a composite function 
($16), we have 
0® o® o® 
da du +a dub a dw; 
and there cannot exist any other relation of the form (16) between 
dw, du, dv, dw, for that would lead to a relation of the form 


AXdu+pdv+rvdw=0, 


where A, », v do not all vanish.. We have just seen that this is 
impossible. 


It is clear that these remarks apply to the general case of any 
number of independent variables. 

Let us then consider, for definiteness, a system of four functions 
of four independent variables 


mes F(a, y, 2, t), 
a7) Y = F,(2, y, 2, t), 
Z= F(a, ¥, 2, t), 


C= Fy, 4; % %), 


where the Jacobian D(F,, F,, F;, F;)/D(a, y, 2, ¢) is identically 
zero by hypothesis; and let us suppose, first, that one of the first 
minors, say D(F,, F2, F;)/D(a, y, 2), is not zero. We may then 
think of the first three of equations (17) as solved for 2, y, z as 
functions of X, Y, Z,¢; and, substituting these values for z, Yy, 2 in 
the last of equations (17), we obtain 7 as a function of X, Y, Z,¢t: 


(18) T = ©(X, Y, Z,?). 


We proceed to show that this function @ does not contain the vari- 
able ¢, that is, that ¢@/0ot vanishes identically. For this purpose 
let us consider the determinant 
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aF, OF, OF, 


Gene tes oc 
OF. 
pale OF, OF, dV 
Kim Cin Cyt Cz 
“| a O% 2% 4, 
Ci OU. wOk 
CRE ORs OF, 
Gz ~ Cy 02 uae 


If, in this determinant, dX, dY, dZ, dT be replaced by their values 


dX = ae Snare Lea dz + a dt 


and if the determinant be developed in terms of dx, dy, dz, dt, it turns 
out that the coefficients of these four differentials are each zero; the 
first three being determinants with two identical columns, while the 
last is precisely the functional determinant. Hence A= 0. But if 
we develop this determinant with respect to the elements of the last 
column, the coefficient of d7 is not zero, and we obtaia a relation of 
the form 
© dT=PdX+QdY+RdzZ. 


By the remark made above, the coefficient of d¢ in the right-hand 
side is equal to ¢@/é¢. But this right-hand side does not contain 
dt, hence 0® /ét = 0. It follows that the relation (18) is of the form 


T = ®(X, Y, Z), 


which proves the theorem stated. 

It can be shown that there exists no other relation, distinct from 
that just found, between the four functions X, Y, 7, T, independent 
of x, y, z,t. For, if one existed, and if we replaced T by ®(X, Y, 7) 
in it, we would obtain a relation between X, Y, Z of the form 
II (X, ¥, Z)=0, which is a contradiction of the hypothesis that 
D(X, Y, Z) /D(a, y, 2) does not vanish. 

Let us now pass to the case in which all the first minors of the 
Jacobian vanish identically, but where at least one of the second 
minors, say D(F,, F,) / D(a, y), is not zero. Then the first two of 
equations (17) may be solved for # and y as functions of ¥, Y, 2, ¢, 
and the last two become 


Za yy, 0), ' Tro, (, Y, 2,2). 
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On the other hand we can show, as before, that the determinant 


OF, oF 
— — dx 
Ox oy 
aF, OF gy 
Ox oy 
OF, OF, 
eee EAS 1 
Ox oy a, 


vanishes identically ; and, developing it with respect to the elements 
of the last column, we find a relation of the form 


dZ = PdX + QdY, 
whence it follows that 


ORiree oor 2 


Oz ° i 0. 
In like manner it can be shown that 

Ob, Coa 

Jae 3) dee ane 


and there exist in this case two distinct relations between the four 
functions X, Y, Z, T, of the form 


Z-=0,(X, Y), T= (X,Y). 


There exists, however, no third relation distinct from these two; 
for, if there were, we could find a relation between X and Y, which 
would be in contradiction with the hypothesis that D(X, Y) / D(a, y) 
is not zero. 

Finally, if all the second minors of the Jacobian are zeros, but 
not all four functions X, Z, Y, T are constants, three of them are 
functions of the fourth. The above reasoning is evidently general. 
If the Jacobian of the n functions F,, F,, ---, F, of the m independ- 
ent variables «,, %2,---, x,, together with all its (n — r + 1)-rowed 
minors, vanishes identically, but at least one of the (mn — r)-rowed 
minors is not zero, there exist precisely 7 distinct relations between 
the m functions ; and certain 7 of them can be expressed in terms 
of the remaining (nm — r), between which there exists no relation. 

The proof of the following proposition, which is similar to the 
above demonstration, will be left to the reader. Zhe necessary and 
sufficient condition that n functions of n + p independent variables be 
connected by a relation which does not involve these variables is that 
every one of the Jacobians of these n functions, with respect to any 
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of the independent variables, should vanish identically. In par- 
ticular, the necessary and sufficient condition that two functions 
Fy (@1, %g, +++, @,) and Fy (ay, %,---, x,) should be functions of each 
other is that the corresponding partial derivatives OF, /éx; and 
OF, / 0x; should be proportional. 


Note. The functions F,, F,,---, F,, in the foregoing theorems may 
involve certain other variables 1, 2, +++, Ym) besides x1, Xe, +++, Lye 
If the Jacobian D(F), F,, ---, F,)/D(#1, %2, +++, &,) is zero, the 
functions F,, F,, ---, F, are connected by one or more relations 


n 


which do not involve explicitly the variables x,, x, ---, x,, but 
which may involve the other variables y,, Y2, -+-, Ym: 


Applications. The preceding theorem is of great importance. The funda- 
mental property of the logarithm, for instance, can be demonstrated by means 
of it, without using the arithmetic definition of the logarithm. For it is proved 
at the beginning of the Integral Calculus that there exists a function which is 
defined for all positive values of the variable, which is zero when x = 1, and 
whose derivative is 1/x. Let f(x) be this function, and let 


U=f(@)+fYy), vary. 
Then 


D (u,v) _ 


D («, y) 


ale 


= ANF 


SS 


y 
Hence there exists a relation of the form 
S(@) +F(Y) = $ (ey) ; 


and to determine ¢ we need only set y = 1, which gives f(z) = (a). Hence, 
since & is arbitrary, 
f(%) + f(y) =f (ey). 


It is clear that the preceding definition might have led to the discovery of 
the fundamental properties of the logarithm had they not been known before the 
Integral Calculus. 

As another application let us consider a system of m equations in n unknowns 
U1, U2, +>) Unt 

Fy (U1, U2) +++, Un) = Ah, 

(19) Fe (ur, Ug, **+, Un) = He, 


? 


En (U1, Ug," * "5 Un) =I H,,, 


where Hy, Hz, -::, Hy, are constants or functions of certain other variables 
21, L2, +++, Lm, Which may also occur in the functions F;. If the Jacobian 
D(F, Fe, +++, Fn) /D (uu, Us, +++, Um) vanishes identically, there exist between 
the n functions F; a certain number, say n — k, of distinct relations of the form 


Fei = Thi (Fi, eer Fx), DR FF, = ,-%(F1, oe Fy). 
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In order that the equations (19) be compatible, it is evidently necessary that 
Ag+. = (Mi, +--+, Hx), +++, Ba = Un-z (Mi, -::, Ax), 


and, if this be true, the » equations (19) reduce to & distinct equations. We 
have then the same cases as in the discussion of a system of linear equations. 


29. Another property of the Jacobian. The Jacobian of a system of n 
functions of 7 variables possesses properties analogous to those of 
the derivative of a function of a single variable. Thus the preceding 
theorem may be regarded as a generalization of the theorem of § 8. 

The formula for the derivative of a function of a function may be 
extended to Jacobians. Let F,, F,,--:, F, be a system of nm func- 
tions of the variables uw, %, ---, u,, and let us suppose that 2, ue, 
.--, u, themselves are functions of the m independent variables x,, 
Xo,--+, x, Then the formula 


n° 


D(F;, F,, a) F,.) a= D(F, F,, ee F,) D(t, U2, t+ ty Up) 
D (1, Lo, + *5 ,,) D(wM, Ug, ** "5 Un) D(x, He, 5 Xp) 


follows at once from the rule for the multiplication of determinants 
and the formula for the derivative of a composite function. For, 
let us write down the two functional determinants 


ih A as Guy Buy Oty 
Cu, OU, OU, 0x, 02, G2, 
Ce oi Mere Cas ay | 
Ou, Ou, Ou, Cx, Oa, Om, 


where the rows and the columns in the second have been inter- 
changed. The first element of the product is equal to 
OF, Oy, OF, Oy | OF Buy, 


Ou, 0%, OU, 02, Ou, Oa,” 


that is, to dF, /éx,, and similarly for the other elements. 


30. Hessians. Let f(x, y, z) be a function of the three variables x, y, z. Then 
the functional determinant of the three first partial derivatives af/da, af /éy, 
Of / 02, 

ef Of ~ of 
om? = Om Oy ~=0n Oz 
Rk Cf CF ef 
oxdy Oy% dy dz 
ef of of 
0n0z Oyoz O22 


’ 
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is called the Hessian of f(#, y, z). The Hessian of a function of n variables is 
defined in like manner, and plays a role analogous to that of the second deriva- 
tive of a function of a single variable. We proceed to prove a remarkable 
invariant property of this determinant. Let us suppose the independent vari- 
ables transformed by the linear substitution 


t= aX+ BY+ y¥Z, 
(19’) Y= AE? BOY 4/7, 
(as (00 BUY + yZ, 


where X, Y, Z are the transformed variables, and a, B, y,---, 7” are constants 
such that the determinant of the substitution, 


jefe} Gy 
A = a’ ex y A 
reuse ex y 


is not zero. This substitution carries the function f(z, y, z) over into a new 
function F(X, Y, Z) of the three variables X, Y, Z. Let H(X, Y, Z) be the 
Hessian of this new function. We shall show that we have identically 


HH (X, Ve Z) = Ah (x, Y; Z), 
where «, y, z are supposed replaced in h(a, y, z) by their expressions from (19’). 
For we have 
OF oF OF oF oF a) 
tf gm Sar tea ae ex’ aY’ eZ} D(z, yv,2) 
erry Z) D(z, y, 2) DEX, V7) 

and if we consider éf/dx, af/dy, of /ez, for a moment, as auxiliary variables, 
we may write 


ox. OY Oz oe oy =) IDOE) 


— —— 
a 


v(z of f) Diejyee)). D(X, Y, 2) 


(3 oF *) v(# Of ef 


—;, — — 


ox Oy O02 
But from the relation F(X, Y, Z)=/ (x, y, z), we find 
OF a 
ox ox oy Oz 
ORNS OR Me eo iea Oy, 
aie! ge aepe aMee 


F F) F) nO. 
g Sy eee av 


aZ be ay az 
whence 
oF oF oFf ge OC Oa 
Pox’ bY’ aL 
= B p’ B”’ = A; 
pls, ef Z| 
on ay’ oz Cy acy Cy 
and hence, finally, yi 
Wo. Nps Ce 
JER = MN ify, SS A 
D(X, Y, Z) 


It is clear that this theorem is general. 
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Let us now consider an application of this property of the Hessian. Let 
F(a, y) = av? + 3 bx? y + d8cxy? + dy’ 


be a given binary cubic form whose coefficients a, b, c, d are any constants. 
Then, neglecting a numerical factor, 


_ |ae+ by ba+ cy 


eS be +cy cx+dy 


= (ac — b?) x2 + (ad — bc) ay + (bd — c*) y?, 


and the Hessian is seen to be a binary quadratic form. First, discarding the 
case in which the Hessian is a perfect square, we may write it as the product of 
two linear factors : ' 

h= (mx + ny) (px + qy). 


If, now, we perform the linear substitution 
mz + ny = X, pet+qy=Y, 
the form f(x, y) goes over into a new form, 
F(X, Y)=AX24+3BX2VY + 3CXY2 + DY3, 
whose Hessian is 
H(X, Y) =(AC — B*) X2+ (AD — BC) XY + (BD — C?) Y2, 


and this must reduce, by the invariant property proved above, to a product of 
the form KXY. Hence the coefficients A, B, C, D must satisfy the relations 


B—AC=0, BD—C?=0. 


If one of the two coefficients B, C be different from zero, the other must be so, 
and we shall have 


7 2 
Pd ging poe 
C B 
F(X, Y) = ag (Bt + 8 BOY +3 BOXY? + CRY) = SESE. 


whence F(X, Y), and hence f(z, y), will be a perfect cube. Discarding this 
particular case, it is evident that we shall have B = C = 0; and the polynomial 
F(X, Y) will be of the canonical form 


AX8 + DY8, 


Hence the reduction of the form f(z, y) to its canonical form only involves the 
solution of an equation of the second degree, obtained by equating the Hessian 
of the given form to zero. The canonical variables X, Y¥ are precisely the two 
factors of the Hessian. 

It is easy to see, in like manner, that the form f(«, y) is reducible to the form 
AX + BX? Y when the Hessian is a perfect square. When the Hessian van- 
ishes identically f(x, y) is a perfect cube: 


S(@, y) = (ax + By). 


Il, $31] TRANSFORMATIONS 61 


Il. TRANSFORMATIONS 


{ 

It often happens, in many problems which arise in Mathematical 
Analysis, that we are led to change the independent variables. It 
therefore becomes necessary to be able to express the derivatives 
with respect to the old variables in terms of the derivatives with 
respect to the new variables. We have already considered a problem 
of this kind in the case of inversion. Let us now consider the 
question from a general point of view, and treat those problems 
which occur most frequently. 


31. Problem I. Let y be a function of the independent variable x, 
and let t be a new independent variable connected with x by the relation 
x= p(t). It is required to express the successive derivatives of y with 
respect to x in terms of t and the successive derivatives of y with 
respect to t. 


Let y = f(a) be the given function, and F(t) = f[¢(¢)] the func- 
tion obtained by replacing x by ¢(¢) in the given function. By the 
rule for the derivative of a function of a function, we find 


dy _ 
whence 
dy 
y= = 


o(t) (4) 
This result may be stated as follows: Zo find the derivative of y 
with respect to x, take the derivative of that function with respect to t 
and divide it by the derivative of x with respect to t. 

The second derivative d?y/da* may be found by applying this 
rule to the expression just found for the first derivative. We find: 


£ wy) 
dy _ dt fs _ ye'O-yo"O, 
da* i(£) [e'@) 


and another application of the same rule gives the third derivative 


d 


d 
dy ay (Yx2) 
da p(t) 
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or, performing the operations indicated, 


By _ yl FOL=3yed'O "+ 3ylb"OP— UP Oo", 
da? [¢'()]° 


The remaining derivatives may be calculated in succession by 
repeated applications of the same rule. In general, the mth deriva- 
tive of y with respect to « may be expressed in terms of ¢$'(¢), #'(¢), 

--, (4), and the first successive derivatives of y with respect to 
t. These formule may be arranged in more symmetrical form. 
Denoting the successive differentials of « and y with respect to ¢ by 
dx, dy, d?x, d*y, ---, d*x, d"y, and the successive derivatives of y 
with respect to a by y', y",---, y™, we may write the preceding 
formule in the form 


dy 
[e=——eetes Ss 
Y dx 
, dx dy — dy dx 
CONG: Eaennanre 
Ay d'y du? — 3 d*ydxd?x + 3 dy (d*x)? — dy @ax dx 


dx® 


The independent variable ¢, with respect to which the differentials 
on the right-hand sides of these formule are formed, is entirely 
arbitrary ; and we pass from one derivative to the next by the 
recurrent formula 
avy *] 

dx” 


the second member being regarded as the quotient of two differen- 
tials. 


32. Applications. These formule are used in the study of plane 
curves, when the coordinates of a point of the curve are expressed in 
terms of an auxiliary variable ¢. 


a= f(t), y= (2). 


In order to study this curve in the neighborhood of one of its points 
it is necessary to calculate the successive derivatives y', y", --. of y 
with respect to # at the given point. But the preceding formule 
give us precisely these derivatives, expressed in terms of the succes- 
sive derivatives of the functions f(¢) and ¢(é), without the necessity 
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of having recourse to the explicit expression of y as a function of z, 
which it might be very difficult, practically, to obtain. Thus the 


first formula 
y= = $'(¢) 
dx f'(t) 


Q 


gives the slope of the tangent. The value of y' occurs in an impor- 
tant geometrical concept, the radius of curvature, which is given by 
the formula 
As (1 as y!)8 
| y" | 
which we shall derive later. In order to find the value of R, when 
the coordinates x and y are given as functions of a parameter ¢, we 


need only replace y' and y" by the preceding expressions, and we 
find 


? 


_ __ (dx? + dy} 
~ |dx d?y —dy da|’ 


where the second member contains only the first and second deriva- 
tives of x and y with respect to ¢. 


The following interesting remark is taken from M. Bertrand’s Traité de 
Calcul différentiel et intégral (Vol. I, p. 170). Suppose that, in calculating some 
geometrical concept allied to a given plane curve whose codrdinates x and y are 
supposed given in terms of a parameter ¢, we had obtained the expression 


F(a, y, du, dy, dx, dy, ---, dra, dry), 


where all the differentials are taken with respect to ¢. Since, by hypothesis, 
this concept has a geometrical significance, its value cannot depend upon the 
choice of the independent variable? But, if we take x=, we shall have 
dz = dt, Px=@x=--.-=d"x=0, and the preceding expression becomes 


F(e, Wo Oi Oo ay. y™) ; 


which is the same as the expression we would have obtained by supposing at the 
start that the equation of the given curve was solved with respect to y in the 
form y = (a). To return from this particular case to the case where the inde- 
pendent variable is arbitrary, we need only replace y’, y”, --- by their values 
from the formule (20). Performing this substitution in 


SF (&, Y; UG Oe ees) y™), 
we should get back to the expression F(a, y, dx, dy, d?w, d®y, ---) with which 


we started. If we do not, we can assert that the result obtained is incorrect. 


For example, the expression 
da dy + dy dx 


(da? + dy?)? 
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cannot have any geometrical significance for a plane curve which is independent 
of the choice of the independent variable. For, if we set « = 17, this expression 
reduces to y”/(1 + y’2)?; and, replacing y’ and y” by their values from (20), we 
do not get back to the preceding expression. 


33. The formule (20) are also used frequently in the study of 
differential equations. Suppose, for example, that we wished to 
determine all the functions y of the independent variable x, which 
satisfy the equation 


2 dy. 
(21) =O) te hy 0, 


where m is a constant. Let us introduce a new independent variable 
t, where x =cos ¢t. Then we have 


dy 
dy = dt 
dx —sint 
ay dy 
Pecan ar Sean face 
da? sin®¢ : 


and the equation (21) becomes, after the substitution, 


dy 


(22) “a 


+ wy = 0. 


It is easy to find all the functions of ¢ which satisfy this equation, 
for it may be written, after multiplication by 2 dy /dt, 


dy d?y a, 2¥ _ @ a 
eo an Ge ier Enty! pol 


ay zo 
(22) + ny n? a?, 


where a is an arbitrary constant. Consequently 


whence 


oY inVa—¥ — y', 


or 
dy 
dt 

Va? — Om 


—n=0. 
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The left-hand side is the derivative of arc sin(y/a)— nt. It follows 
hat this difference must be another arbitrary constant 6, whence 


y =asin(nt + 6), 
which may also be written in the form 
y = Asin nt + B cos nt. 


Returning to the original variable x, we see that all the functions of 
x which satisfy the given equation (21) are given by the formula 


y = A sin(n arc cos x) + B cos (n are cos 2), 


where A and B are two arbitrary constants. 


34. Problem II. To every relation between x and y there corresponds, 
by means of the transformation « = f(t, u), y= (t, u), @ relation 
between t and u. It is required to express the derivatives of y with 
respect to x in terms of t, u, and the derivatives of u with respect to t. 


This problem is seen to depend upon the preceding when it is 
noticed that the formule of transformation, 


a =f U), Y= $ (t, u), 


give us the expressions for the original variables x and y as func- 
tions of the variable ¢, if we imagine that w has been replaced in 
these formule by its value as a function of ¢ We need merely 
apply the general method, therefore, always regarding x and y as 
composite functions of ¢, and w as an auxiliary function of ¢ We 


find then, first, ; : 
A, IE 


dy dy dx ot ou dt 


de dt dt Of , of du’ 


ot ou dt 
and then 
Py _ addy) dex 
da? dt\dx)’ dt’ 


or, performing the operations indicated, 


af . af du\[ eo  . eo du Ap/du\2  0¢ d?u ao . Oo “| Z | 
Bef ee ae te | ce ed Yi at Be Sac 
ae 1S ze du at di’ ouo dt fie dt? at 52%, dt /|_ ot? 
dx? of re af du\3 
at du dt 
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In general, the nth derivative y™ is expressible in terms of ¢, wu, and 
the derivatives du /dt, d?u/dt?, ---, d"u/dt". 

Suppose, for instance, that the equation of a curve be given in 
polar coérdinates p= f(w). The formule for the rectangular coér- 
dinates of a point are then the following: 


x = p COS w, y = p sin wo. 


Let p', p",--» be the successive derivatives of p with respect to o, 
considered as the independent variable. From the preceding formule 
we find 
dx = CoSw dp =), sin dw, 
dy =sinwdp + pcosw da, 
d?x = cosw d*p — 2 sinw dw dp — p Cosa dw’, 
d?y = sinw d*p + 2 cosw dw dp — p Sinw dw’, 
whence 
dx” + dy* = dp? + p* do’, 
dx d*y — dy d?x = 2 dw dp* — pdwd’p + p? do’. 


The expression found above for the radius of curvature becomes 


2 123 
ae ule es) 1 
p’ + 2p — pp 


35. Transformations of plane curves. Let us suppose that to every 
point m of a plane we make another point M of the same plane cor- 
respond by some known construction. If we denote the codrdinates 
of the point m by (a, y) and those of M by (X, Y), there will exist, 
in general, two relations between these codrdinates of the form 


(23) A= fi het) Y=@(@, 4). 


These formule define a point transformation of which numerous 
examples arise in Geometry, such as projective transformations, the 
transformation of reciprocal radii, etc. When the point m describes 
a curve ¢, the corresponding point M describes another curve C, whose 
properties may be deduced from those of the curve ¢ and from the 
nature of the transformation employed. Let y', y'', --- be the suc- 
cessive derivatives of y with respect to w, and Y', Y",--- the succes- 
sive derivatives of Y with respect to X. To study the curve C it 
is necessary to be able to express Y', ¥Y", -.- in terms of 2, y, y/', 
y',-+-. This is precisely the problem which we have just discussed ; 
and we find 
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dY dd , 0d 
dx 0x “ 6 
Va CHORUS sv" 
aX ee OF er i 
da ae dy 7 
ady' os 
yr + Note) 
dX ES, 
dx oe dy 7 


and so forth. It is seen that Y' depends only on x, y, y'. Hence, 
if the transformation (23) be applied to two curves ¢, c', which are 
tangent at the point (a, y), the transformed curves C, C’ will also 
be tangent at the corresponding point (X, Y). This remark enables 
us to replace the curve ¢ by any other curve which is tangent to it 
in questions which involve only the tangent to the transformed 
curve C. 
Let us consider, for example, the transformation defined by the 
formule 
X= ae ’ Vet ’ 
a + y? ao +P 


which is the. transformation of reciprocal radii, or inversion, with 
the origin as pole. Let m be a point of a curve c and M the cor- 
responding point of the curve C. In 
order to find the tangent to this curve 
C we need only apply the result of 
ordinary Geometry, that an inversion 
carries a straight line into a circle 
through the pole. 

Let us replace the curve ¢ by its 
tangent mt. The inverse of mt is a 
circle through the two points M and 0, Fic. 5 
whose center lies on the perpendicular 
O¢ let fall from the origin upon m¢. The tangent MT to this circle 
is perpendicular to AM, and the angles Mmt and mMT are equal, 
since each is the complement of the angle mO¢t. The tangents mz 
and MT are therefore antiparallel with respect to the radius vector. 


36. Contact transformations. The preceding transformations are 
not the most general transformations which carry two tangent 
curves into two other tangent curves. Let us suppose that a point 
M is determined from each point m of a curve ¢ by a construction 
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which depends not only upon the point m, but also upon the tangent 
to the curve ¢ at this point. The formule which define the trans- 
formation are then of the form 


(24) X=f(a, y, y'); Y=$o@,y y'); 
and the slope Y! of the tangent to the transformed curve is given 
by the formula Rees ae 
! ti 
HOR GN Boe Bs dy 7 TB 
DEOR te Of MO raeeereey. 
Gi ea anaes 


In general, Y' depends on the four variables a, y, y', y'’; and if we 
apply the transformation (24) to two carves ¢, c! which are tangent 
at a point (a, y), the transformed curves C, C' will have a point 
(X, Y) in common, but they will not be tangent, in general, unless 
y" happens to have the same value for each of the curves ¢ and c’. 
In order that the two curves C and C' should always be tangent, it 
is necessary and sufficient that Y' should not depend on y"; that is, 
that the two functions f(a, y, y') and $(a, y, y') should satisfy the 


condition 
Of (2b _ od ,\_O¢/of , of, 
aE (58 4 # y)) = 28 Ze oy 


In case this condition is satisfied, the transformation is called a 
contact transformation. It is clear that a point transformation is a 
particular case of a contact transformation.* 

Let us consider, for example, Legendre’s transformation, in which 
the point M, which corresponds to a point (x, y) of a curve ¢, is given 
by the equations 


X=y, Ysay'—y; 
from which we find 
2 eee 


re ax ar y" 


=, 


which shows that the transformation is a contact transformation. 


In like manner we find 
F Lcaiigs dx il 


y" a ee ey ee 
ax y'' dx yl" 
PN ae Yi y" 
dx y'!® 


* Legendre and Ampére gave many examples of contact transformations. Sophus 
Lie developed the general theory in various works; see in particular his Geometrie 
der Beriihrungstransformationen. See also Jacont, Vorlesungen tiber Dynamik. 
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and so forth. From the preceding formule it follows that 
oy y= XY! —iy, yf SX 


which shows that the transformation is involutory.* All these prop- 
erties are explained by the remark that the point whose codrdinates 
are X = y', Y= axy' — y is the pole of the tangent to the curve ¢ at 
the point («, y) with respect to the parabola z2—2y=0. But, in 
general, if M denote the pole of the tangent at m to a curve ¢ with 
respect to a directing conic 3, then the locus of the point M is a 
curve C' whose tangent at M is precisely the polar of the point m 
with respect to 3. The relation between the two curves ¢ and C is 
therefore a reciprocal one; and, further, if we replace the curve ¢ by 
another curve c’, tangent to ¢ at the point m, the reciprocal curve C’ 
will be tangent to the curve C at the point M. 


Pedal curves. If, from a fixed point O in the plane of a curve c, a perpen- 
dicular OM be let fall upon the tangent to the curve at the point m, the locus of 
the foot M of this perpendicular is a curve C, which is called the pedal of the 
given curve. It would be easy to obtain, by a direct calculation, the codrdinates 
of the point M, and to show that the trans- 
formation thus defined is a contact transfor- 
mation, but it is simpler to proceed as follows. 
Let us consider a circle y of radius R, de- 
scribed about the point Oas center; and let m, 
be apoint on OM such that Om; x OM= R?. 
The point my, is the pole of the tangent mt 
with respect to the circle; and hence the 
transformation which carries ¢ into C is the 
result of a transformation of reciprocal po- 
lars, followed by an inversion. When the 
point m describes the curve ¢, the point m1, 
the pole of mt, describes a curve c; tangent Fic. 6 
to the polar of the point m with respect to 
the circle y, that is, tangent to the straight line m¢,, a perpendicular let fall 
from m,; upon Om. ‘The tangent MT to the curve C and the tangent m4 ¢, to the 
curve c; make equal angles with the radius vector Om,M. Hence, if we draw 
the normal MA, the angles AMO and AOM are equal, since they are the comple- 
ments of equal angles, and the point A is the middle point of the line Om. It 
follows that the normal to the pedal is found by joining the point M to the center 
of the line Om. 


87. Projective transformations. Every function y which satisfies the equation 
y” = 0 is a linear function of x, and conversely. But, if we subject # and y to 
the projective transformation 


*That is, two successive applications of the transformation lead us back to the 
original codrdinates. — TRANS. 
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OS FO e — OCR ap 
~ QW X+0"Y +c" re 1 aa ay eB Ta 


a straight line goes over into a straight line. Hence the equation y” = 0 should 
become d2?Y¥Y/dX2=0. In order to verify this we will first remark that the 
general projective transformation may be resolved into a sequence of particular 
transformations of simple form. If the two coefficients a” and 6” are not both 
zero, we will set X, = a” X + b” Y +c”; and since we cannot have at the same 
time ab” — ba” = 0 and a’b” — b’a” = 0, we will also set Yy =X +0YV +0, 
on the supposition that a/b” — b’a” is not zero. The preceding formule may 
then be written, replacing X and Y by their values in terms of Xj and Yj, in 
the form 
a tt EN eae ne 
xX XY AG AG 
It follows that the general projective transformation can be reduced to a 
succession of integral transformations of the form 


x-aX+b6Y+¢, y=VX4+HVV4+C, 


combined with the particular transformation 


permet: m4 
Tee? oe oy 


Performing this latter transformation, we find 


dy xXY’—Y_ —1 
— = ‘ SIL BAC 
ne Femme Se 


and : 
y= ae —— XY”(— X2)= X8y”, 
Likewise, performing an integral projective transformation, we have 
pee, x a + 0Y" 
dg a+obY’ 
dy’ _ (ab’—ba’)Y” 


Wa (@+bY9e 


In each case the equation y” = 0 goes over into Y” = 0. 
We shall now consider functions of several independent variables, and, for 
definiteness, we shall give the argument for a function of two variables. 


38. Problem III. Let w = f(a, y) be a function of the two independ- 
ent variables x and y, and let u and v be two new variables connected 
with the old ones by the relations 


x= (U, v), y=wW(u, v). 
It is required to express the partial derivatives of w with respect to the 


variables x and y in terms of u,v, and the partial derivatives of w with 
respect to u and v. 
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Let = F(w, v) be the function which results from f(a, y) by the 
substitution. Then the rule for the differentiation of composite 
functions gives 


Ow Ow Od Ow ow 


Disas Gh COMRCTRO®. 
whence we may find @w/éx and éw/éy; for, if the determinant 
D(¢, ~)/D(u, v) vanished, the change of variables performed 
would have no meaning. Hence we obtain the equations 


(25) 


where A, B, C, D are determinate functions of u and v; and these 
formule solve the problem for derivatives of the first order. They 
show that the derivative of a function with respect to x is the sum of 
the two products formed by multiplying the two derivatives with respect 
tou and v by A and B, respectively. The derivative with respect to 
y is obtained in lke manner, using C and D instead of A and B, 
respectively. In order to calculate the second derivatives we need 
only apply to the first derivatives the rule expressed by the preced- 
ing formule; doing so, we find 


Cw 0 [0 0 Ow Ow 
p= E(Se)=E (4S +02) 


or, performing the operations indicated, 


Cru , 07 omar) 0A Ow . OCBOw 
6x2 a(4 out + Badu t Ou Bu 2 ee 
Ow Cw 0A Ow OB 0w\. 
+2(4 Ze an Se Ale, Be), 


and we could find 0? /0éx dy, 0?w /dy? and the following derivatives 
in like manner. In all differentiations which are to be carried out 
we need only replace the operations 0 /éx and @ /éy by the operations 
7) 0 0 


C—+D— 


r7) 
AF aaa, ear ey 
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respectively. Hence everything depends upon the calculation of the 
coefficients A, B, C, D. 


Example I. Let us consider the equation 


2. 2, 2 
(26) PALI Mg, | Palla og FR 
Ou? ox OY oy? 


? 


where the coefficients a, b, c are constants; and let us try to reduce this equa- 
tion to as simple a formas possible. We observe first that if a = ¢ = 0, it would 
be superfluous to try to simplify the equation. We may then suppose that c¢, 
for example, does not vanish. Let us take two new independent variables u 
and v, defined by the equations 
U=e+ ay, v=“ + BY, 

where @ and f are constants. Then we have 

0w  0w , Ow 


ox ou ov 


and hence, in this case, d= B=1, C=a, D=f8. The general formule then 
give 


AORN eee Rae 02 w 02 
au2 du? Guu Ou?’ 
Ow O2w 02 O02 w 
= a— + pe, 
ox Oy pie OS ag ee 
02 02 02H Ow 
— = a —_ + 2agB —_— — 
oy? ou? eae ou ov He au?” 


and the given equation becomes 

Ow Ow aw 
a+2b ca?)_ + 2[a+b we ezes TS as (1\ 
(ot 2 Bee et) ge Pee OKO IBC ed O aCe) e 


It remains to distinguish several cases. 


First case. Let b? —ac>0. Taking for a and 6 the two roots of the equation 
a+ 2br + cr? = 0, the given equation takes the simple form 


Cw 


oudv 


2:(2#\=0, 

ov \ ou 

we see that 0w/du must be a function of the single variable, u, say f(u). Let 
F(u) denote a function of u such that F’(w) =f(u). Then, since the derivative 
of w — F(u) with respect to u is zero, this difference must be independent of u, 
and, accordingly, w = F(u) + (vj. The converse is apparent. Returning to 
the variables x and y, it follows that all the functions w which satisfy the equation 
(26) are of the form 


0. 


Since this may be written 


w= Fw+ ay) + &(e + By), 
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where F and & are arbitrary functions. For example, the general integral of 
the equation 
Ow Ow 
ts KS ) 
oy? on? 


which occurs in the theory of the stretched string, is 
w =f (© + ay) + ¢(x — ay). 


Second case. Let b? —ac=0. Taking a equal to the double root of the equa- 
tion a + 2br + cr? = 0, and 6 some other number, the coefficient of 62w/du dv 
becomes zero, for it is equal toa +ba+8(b+ca). Hence the given equation 
reduces to 0?w/év2?=0. It is evident that w must be a linear function of », 
w= vf(u) + ¢(u), where f(u) and ¢(u) are arbitrary functions. Returning to 
the variables x and y, the expression for w becomes 


w= (&+By)S(e+ ay) + o(e+ ay), 
which may be written 


wo=(4@+ay+ (6B—a)y] f(e+ay)+o(e+ ay), 
or, finally, 
wo=yFh(e+ay)+&(e@+ ay). 


Third case. If b? — ac <0, the preceding transformation cannot be applied 
without the introduction of imaginary variables. The quantities a and B may 
then be determined by the equations 


a+2ba+ca®?=a+2bB + cp, 


a+b(@+8)+casp=0, 
which give 
Yess 
atp=-—, beh PES 


The equation of the second degree, 


2b 202 —ac 
v2 + —r-+ ——___ = 0, 
c (Ge 
whose roots are a and £, has, in fact, real roots. The given equation then 
becomes 
_ wo , Hw 
~ Gu av? 


Aw 


This equation Aw = 0, which is known as Laplace’s Equation, is of fundamental 
importance in many branches of mathematics and mathematical physics. 


Example IT. Let us see what form the preceding equation assumes when we 
set x =pcos¢, y=psing. For the first derivatives we find 


Ow Ow Ow . 
— = — cos¢ + — sing 
op Ox 2 oy ‘ 


Ow GNO e Ow 
— = — — psing + — pcosd 
ap ae g ay p 9 
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or, solving for dw /0x and dw / dy, 


dw dw sing dw 
COS i et) 
da dp p op 
6 
eng eee 
oy Op p op 
Hence 
es : F pees 
wo pete ee dw sing <2) _‘sing y (cos 2 _ sing 4) 
oar? op ep p op p op ep p og 
@w sinr?dw 2singcosd w  2Z2sin@cosPdw | sin*ddw. 
= cos? p + i rae? 
op? p? og? p op Op p? op p op 


and the expression for 6?w /éy? is analogous to this. Adding the two, we find 
Bw Bw Hw 1 dw , 1 dw 


Ga? dy? Op?" p? OG? " p Op 


39. Another method. The preceding method is the most practical 
when the function whose partial derivatives are sought is unknown. 
But in certain cases it is more advantageous to use the following 
method. 

Let « = f(a, y) be a function of the two independent variables x 
and y. If, y, and z are supposed expressed in terms of two aux- 
iliary variables wv and v, the total differentials dx, dy, dz satisfy the 
relation 


Oy. of 
= os dx + oF dy, 


which is equivalent to the two distinct equations 
04. Of ox Of dy 
Gu bx du dy bu’ 
Of) MOT CL SO fie y, 
dv 0x bv by bv’ 


whence df/0x and of/dy may be found as functions of w, v, dz / du, 
dz /O0v, as in the preceding method. But to find the succeeding 
derivatives we will continue to apply the same rule. Thus, to find 
Of / dx? and of /0ex dy, we start with the identity 


: (i) = Fade + oe dy 


Ox} | Osc? 6x Oy 
which is equivalent to the two equations 
a (Of 
ox}  Ofdox Of oy 


Ou dx? Ou | Ox dy Ou 
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a( 
Cn} Of dx Of oy 


ov Ox” Ov = Ou Oy ~Ov é 


where it is supposed that éf/0@x has been replaced by its value cal- 
culated above. Likewise, we should find the values of 22, / 0x oy and 
of / oy’ by starting with the identity 

ON wen: fi Oh 
(2) ~ be by + Oy 


The work may be checked by the fact that the two values of 
0? f/0x dy found must agree. Derivatives of higher order may be 
calculated in like manner. 


dy. 


Application to surfaces. The preceding method is used in the study 
of surfaces. Suppose that the coérdinates of a point of a surface S 
are given as functions of two variable parameters uw and v by means 
of the formule 


(27) Ei (WO), Y= Pp, %), 2=y(U, v). 
The equation of the surface may be found by eliminating the vari- 
ables uw and v between the three equations (27); but we may also 
study the properties of the surface S directly from these equations 
themselves, without carrying out the elimination, which might be 
practically impossible. It should be noticed that the three Jacobians 


Dihd) D&W DAW 
D(u, v) D(u, v) D(u, v) 


cannot all vanish identically, for then the elimination of uw and v 
would lead to two distinct relations between 2, y, z, and the point 
whose coérdinates are (a, y, ) would map out a curve, and not a sur- 
face. Let us suppose, for definiteness, that the first of these does not 
vanish: D(f, 6) /D(u,v) #0. Then the first two of equations (27) 
may be solved for u and v, and the substitution of these values in the 
third would give the equation of the surface in the form z = F(z, y). 
In order to study this surface in the neighborhood of a point we need 
to know the partial derivatives p, q, 7, s, t, --- of this function F(a, y) 
in terms of the parameters u and v. The first derivatives p and q 
are given by the equation 


dz=pdx-+qdy, 


which is equivalent to the two equations 
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of 
(28) “PAT 
yf. 42 


ov P oy 1 Oy ®, 


from which p and g may be found. The equation of the tangent 
plane is found by substituting these values of p and qg in the equation 


Z—z=p(X—«“)+q(Y-y), 
and doing so we find the equation 


Dy, @ r D(z, &) 

CE oar ed Ok nren a C 

The equations (28) have a geometrical meaning which is easily 
remembered. They express the fact that the tangent plane to the 
surface contains the tangents to those two curves on the surface which 
are obtained by keeping v constant while w varies, and vice versa.* 

Having found p and g, p= fi (u, v), g = fo(u, v), we may proceed 
to find r, s, ¢ by means of the equations 


2) D(a, oye 


D(u, 0) 


dp=rdx-+sdy, 
dq = sdx+tdy, 
each of which is equivalent to two equations; and so forth. 


40. Problem IV. To every relation between x, y, z there corresponds 
by means of the equations 


(30) ee == fi(t,u, 1), Y = >(u, v, w), z= wW(U, v, w), 


a new relation between u,v, w. It is required to express the partial 
derivatives of z with respect to the variables x and y in terms of u, v, w, 
and the purtial derwatives of w with respect to the variables u and v. 


This problem can be made to depend upon the preceding. For, 
if we suppose that w has been replaced in the formule (30) by a 
function of w and v, we have 2, y, z expressed as functions of the 


* The equation of the tangent plane may also be found directly. Every curve on 
the surface is defined by a relation between w and v, say v = TI (u); and the equations 
of the tangent to this curve are 


a an Y¥=y ¥: Z—z 
of Oo ta) 
OF 4 Foy 2h 4 28 ray 2H 4 OY ry 


Ou ov ou 


The elimination of II’(w) leads to the equation (29) of the tangent plane. 
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two parameters w and v; and we need only follow the preceding 
method, considering f, ¢, y as composite functions of w and v, and 
w as an auxiliary function of uw and v. In order to calculate the 
first derivatives p and gq, for instance, we have the two equations 


Op _ Opdw _ (Z oe oe) + o(5e + S22), 


Ou Cwou Ou Ow ou 


dv | dw ov *\éuv ' dw ov ov Ow ov 


ee ee 

The succeeding derivatives may be calculated in a similar manner. 

In geometrical language the above problem may be stated as fol- 
lows: To every point m of space, whose coérdinates are (x, y, 2), 
there corresponds, by a given construction, another point M, whose 
codrdinates are X, Y, Z. When the point m maps out a surface S, 
the point M maps out another surface %, whose properties it is pro- 
posed to deduce from those of the given surface S. 

The formule which define the transformation are of the form 


x =f (&, Y z)s T= p(&, Y; z); Z= p(x, Y> z). 


2= F(a, y), Z=®(X, VY) 


Let 


be the equations of the two surfaces S and 3%, respectively. The 
problem is to express the partial derivatives P, Q, R, S, T, --- of the 
function ®(X, Y) in terms of a, y, 2 and the partial derivatives 
PP, % 7, 8, t,--- of the function F(a, y). But this is precisely the 
above problem, except for the notation. 

The first derivatives P and Q depend only on a, y, 2, p, g; and 
hence the transformation carries tangent surfaces into tangent sur- 
faces. But this is not the most general transformation which enjoys 
this property, as we shall see in the following example. 


41. Legendre’s transformation. Let z= f(z, y) be the equation of 
a surface S, and let any point m (z, y, 2) of this surface be carried 
into a point M, whose codrdinates are X, Y, Z, by the transformation 


X=p,; Y=q, 4=pe+ qy—z. 


Let Z = 6(X, VY) be the equation of the surface & described by the 
point M. If we imagine z, p, g replaced by f, ef / 0x, Of / ey, respec 
tively, we have the three coérdinates of the point M expressed as 
functions ‘of the two independent variables « and y. 
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Let P, Q, R, S, T denote the partial derivatives of the function 
®(X, Y). Then the relation 
aZ = PdX+QdVY 
becomes 
pdx+qdy+«adp+ydq—dz=Pdp+ Qdq, 


or 
zdp+ydq=Pdp+ Qdq. 


Let us suppose that p and q, for the surface S, are not functions of each 
other, in which case there exists no identity of the form Adp + pdq=0, 
unless} =p=0. Then, from the preceding equation, it follows that 


IE ay. Q=y. 
In order to find R, S, T we may start with the analogous relations 


dP = RdX + Say, 
dQ = SdX + Tay, 


which, when X, Y, P,:Q are replaced by their values, become 


dx = R(rdx + sdy)+ S(sdu + tdy), 
dy = S(rdz + sdy)+ T(sdx + tdy); 


whence 
Rr+Ss=1, RS ISt —O, 
Sr+Ts=0, Ss+Tt=1, 
and consequently 
t — Ss os 
1, SS = ——————e 
rt — s? 2 rt — 3? rt — s* 


From the preceding formule we find, conversely, 


Ci lers ins 2=PX+ QY—Z, [P= AG gil, 
fi —S R 


"REGS S10 de eee Gey 


which proves that the transformation is involutory. Moreover, it 
is a contact transformation, since X, Y, Z, P, Q depend only on 2, 
Y, %, p,q These properties become self-explanatory, if we notice 
that the formule define a transformation of reciprocal polars with 
respect to the paraboloid 


e+y?—2z2=0. 
Note. The expressions for R, S, T become infinite, if the relation 


rt — s* = 0 holds at every point of the surface S. In this case the 
point M describes a curve, and not a surface, for we have 
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D(X, Y) _ Dw 9) 
D@,y) D@,y) 


and likewise 


D(X, Z) _ Dp, px+ay —2) 
D(x, y) Dé, ¥) 


=7rt —s*= 0, 


= y(rt — s*)=0. 
This is precisely the case which we had not considered. 
42. Ampére’s transformation. Retaining the notation of the preceding article, 
let us consider the transformation 
Chay. Yer, Z=qy —%. 


The relation 
-€Z = PdX + QAY 


‘becomes 
qdy + ydqg — dz = Pdx + Qdq, 
or 
y dq —pdz = Pdx + Qdq. 
Hence 


P=-—p, Q=Y; 
and conversely we find 


i= 2E. y¥=Q, 1 Oa EZ, p=—B8, q=Y. 


It follows that this transformation also is an inyolutory contact transformation. 


The relation 
aP=RaAX + SAY 
next becomes 
—rdz—sdy = Rdx+ S(sdz + tdy); 
that is, 
R+ Ss=—y7, St = — 8, 
whence 
s? — rt 


Be Mae Neate 
f t 


Starting with the relation dQ = SdX + TdY, we find, in like manner, 


Tse 
t 

As an application of these formule, let us try to find all the functions f(a, y) 
which satisfy the equation rf — s2=0. Let S be the surface represented by the 
equation z = f(x, y), = the transtormed surface, and Z = ®(X, Y) the equation 
of >. From the formule for R it is clear that we must have 


_ @o 


p= — 
ox? 


’ 


and ® must be a linear function of X: 
Z=X¢o(Y)+¥(¥), 
where ¢ and y are arbitrary functions of Y. It follows that 


PHY Oa x oY.) Py (Y)5 
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and, conversely, the codrdinates (x, y, z) of a point of the surface S are given 
as functions of the two variables X and Y by the formule 


=X, y= Xo (Y)+V(Y), z=YV[Xo(VY)+v(VY)]—-X4(¥Y)—y(X). 


The equation of the surface may be obtained by eliminating X and Y ; or, what 
amounts to the same thing, by eliminating a between the equations 


z= ay —2¢(a)—¥ (a), 
0= y—29(a)—y(a). 


The first of these equations represents a moving plane which depends upon the 
parameter @, while the second is found by differentiating the first with respect 
to this parameter. The surfaces defined by the two equations are the so-called 
developable surfaces, which we shall study later. 


48. The potential equation in curvilinear coordinates. The calculation to which 
a change of variable leads may be simplified in very many cases by various 
devices. We shall take as an example the potential equation in orthogonal 
curvilinear codrdinates.* Let 
F (@, y, 2) =p, 
Fy (x, y, 2) = pr, 
Fy (£, y, 2) = pe, 


be the equations of three families of surfaces which form a triply orthogonal 
system, such that any two surfaces belonging to two different families intersect 
at right angles. Solving these equations for x, y, z as functions of the parame- 
ters p, pi, p2, We obtain equations of the form 


x= $ (p, p1, pa), 
(31) Y= f1 (p, Ply p2)s 
2 = 2(p, Pi, p2); 
and we may take p, pi, pg as a system of orthogonal curvilinear codrdinates. 


Since the three given surfaces are orthogonal, the tangents to their curves of 
intersection must form a trirectangular trihedron. It follows that the equations 


Og OY Op Of Op OD 
32) ice it is Se ere) oe Leo 
( S op Op1 S Opi Ope S 


must be satisfied where the symbol AS indicates that we are to replace ¢ by ¢1, 
then by #2, and add. These conditions for orthogonalism may be written in the 
following form, which is equivalent to the above: 


Op Opr , Op Opr , Op Opi _ 0 


(38) ae ax 0& «dy by dz Oz ; 
LEAS Spe EC NN 
Ox Ox On OX 


*Lamé, Traité des coordonnées curvilignes. See also Bertrand, Traité de Calcul 
différentiel, Vol. I, p. 181. 
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Let us then see what form the potential equation 


eV eV, ev 
= +5542 = 


AsV 
ox? oy? 02? 


0 


assumes in the variables p, pi, pe. First of all, we find 


OV OV 0p , BV Opi , BV Ope 
de Op O@ += Bp, OL Opn O@ 


and then 


VAS ea , 2V dp Opry eV. 02 p 
Ox? “0p? \ ox Op 0p1 Cx Ox Op ox? 
a (2) 5 O2V Opi Ope, . BV Opy 
Op? Op1 0p, Ox 0% Op, Ox? 


Ox 
o2V Opa 2 2 eV Op Une Oe Geb 
Ops \ ox OpCp2 0% CX Ope Ox? 


Adding the three analogous equations, the terms containing derivatives of the 
second order like 6? V / dp dp; fall out, by reason of the relations (38), and we have 


Vv 


eV eV av eV e 
cs Pee | Ayn) = Ae) 
Op Op 


Cx? OY2 az 


eV 
aieialt Ay (p2) wy 
H Ops 


(34) 
OV OV OV 

+ Az (p) — + Ag(p1) — + Az (p2) —> 
op Op1 Opa 


where A; and A, denote Lamé’s differential parameters : 


_ (at), (2f\2, (at) es oF oF 
aif) = (22) +(2) + (2) aa(f)= oF 4 Sh 4 


The differential parameters of the first order A; (p), Ai (1), A1(p2) are easily 
calculated. From the equations (31) we have 


Op Op , Of Op1 , OG Op2 _ 4 
Op Ot Op, (0% Spo. On: ’ 
Opi Op | OG1 Or | Ob1 Ope _ 0 
Cp 0x Opi 0x Op2 0x 
odo Op Ode Opi a Og2 Opa _ 0; 
6p 0% Op, OX Cp2 Ox 


? 


a) ; : 
whence, multiplying by f, of, ad respectively, and adding, we find 
p Op op 
ce 
Op op 


Ag, Velen 2. 0 1 OdaN 2m Oda” 
ey (8b\? () 1 (*) 
Op op Op 
Then, calculating ap /dy and dp /dz in like manner, it is easy to see that 


op op op 
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Let us now set 
0¢\?2 0g¢\?2 0g\2 
H= Vi(-2\6 i ar Hae BE 
5 (3) , S (=) / : 5 (=) 


where the symbol ie indicates, as before, that we are to replace ¢ by ¢1, then 
by ¢2, andadd. Then the preceding equation and the two analogous equations 


may be written 
1 1 
Ai (p) = a Ai (p1) = The A; (p2) = rae 


Lamé obtained the expressions for Ag (p), Ae (1), Ae (p2) as functions of p, pi, 
pz by a rather long calculation, which we may condense in the following form. 


In the identity (34) 


1@V 128V12aV 
0 


OV OV OV 
= aa AG) ete (ee As (pa 
a oe ' Hy of + i + As (pe) + As (p1) ie + Ae (pe) am 


AgV = 
let us set successively V=2z, V=y, V=z. This gives the tliree equations 


aot as eae me TA en + Ao(on) 2% =o, 
gh lhe oral lot: 
BD opt My op? He op 
1 O do i & ho 1 o es 
H Op? Hy ap? He 3 


+ Bao) 28 + a(n) <2 + de (pn) SP = 0, 
Ope 

ot An) fan's up itt xo 
p1 Op2 


which we need only solve for Az(p), Ao (pi), Ae(o2). For instance, multiplying 
by 0p / Gp, 6¢1/ 0p, O¢2/ Op, respectively, and adding, we find 


Op 0% bp AH i 0¢ Om 
Ae (ep) H+ — ) — — = Se ary SE 
a (P) val S Op Op? = op Op 35 2 &p op2 


Moreover, we have 


and differentiating the first of equations (32) with respect to p;, we find 


CREO es ROVE el Oy 
Op ap} Op1 Op2p1 = 2 Op 


In like manner we have 
eee eee 
ap ope a oe 


and consequently 


ipoHe 1. OH eer. 7 H 
A = — —— + —— 
a) =~ See Ge a, op. | Sea 2H 2 | we (4z) |. 
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Setting 
1 1 1 
= 2 1 72’ A, = 2 5) 
this formula becomes 
7) h 
A =e) ; 
2 (p) £ (toe -*) 


and in like manner we find 


r) h 
As (p1) = hi a (toe | » — Aa(pa) = 13 (ioe 7) : 
Pl p2 


Hence the formula (34) finally becomes 


OVE Maks a We 7) ae 
Ox? oy? Op oar he 
ay 6 h He 
35 he spe i i Som eee 
( ) Opy 2 Ls Opi e hho Opi 


e v 0 he \ 0V 
+L et an (6am) an | 
Op, Ope hhi/ pe 
or, in condensed form, 


ayes hiatal & (7. h vee (2 V4 r) (2 sr) |- 
op hyhe Op Cp1 hhe Opi Ope hhy Ope 


Let us apply this formula to polar coérdinates. The formule of transforma- 
tion are 


x = psinécosq, y = psinésing, Z=pcosé, 


where @ and ¢ replace p; and pz, and the coefficients h, hy, he have the following 


values: 
1 1 


i 
p psind 


Hence the general formula becomes 


ria eae OVE OR eN a6'/ L 8v 
Vie hpiaine 8 
aV sual 2 ¢ oe ~) + 56 (sn x) + 56 (+3 ar) | 


or, expanding, 


eV  18V 1 eV 2eaV_. cote ev 
dp? —s p*:-002~—s p* sin? @ 0g? ~=— p_ Op pe 00” 


PNG WA 


which is susceptible of direct verification. 


EXERCISES 


1. Setting u=2?4+y4+2,0v=2+y+2,w=xy + yz + 22, the functional 
determinant D(u, v, w) /D(a, y, z) vanishes identically. Find the relation which 
exists between wu, v, w. 

Generalize the problem. 
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2. Let 
i — pe aia es 
| Vinee Via ee 
Derive the equation 
D (uy, U2,+ ++, Un) _ 1 : 
Dltistar yt) af age ag 


©, Using the notation 


v1 = COS $1, 
Le = sin 1 COS Go, 
3 = sin d1 Sin de COS $3, 
Im = Sin $1 Sin de: ++ SiN dy—1 COSPn, 
show that 
D (a1, He, ** "5 Xn) 
D (G1, $25 +++, $n) 


= (— 1)*sin” $1 sin” —1! ¢2 sin”~ 73 -- - sin? gz 1 SiN bn. 


4. Prove directly that the function z = F(a, y) defined by the two equations 


z2=an+ yf(@ + (2), 
O= «+yf(a)+¢(a), 


where @ is an auxiliary variable, satisfies the equation rt — s? = 0, where f(a) 
and ¢(a@) are arbitrary functions. 


5. Show in like manner that any implicit function z = F(a, y) defined by 
an equation of the form 


where ¢ (2) and yw (z) are arbitrary functions, satisfies the equation 


rq? — 2 pqs + tp? = 0. 


6. Prove that the function z = F(a, y) defined by the two equations 
zo’ (a) = [y — o(a)]?, (% + @) ¢'(a) =y — $(a), 
where @ is an auxiliary variable and ¢(q) an arbitrary function, satisfies the 
equation pq = z. 
7. Prove that the function z = F(a, y) defined by the two equations 
[2 — (a) ]? = 27 (y? — a2), [2 — $(a@)] ¢’(a) = ax? 
satisfies in like manner the equation pq = ay. 


8*, Lagrange’s formule. Let y be an implicit function of the two variables 


x and a, defined by the relation y = @ + x¢(y); and let u= F(y) be any func- 
tion of y whatever. Show that, in general, 


onu on—1 $( ae 
oa" Gan—1 y vee | 


[LapLacke. } 
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Note. The proof is based upon the two formule 


0 ou 0 ou Ou ou 
— ae ee Ce ey 
0a [ zw = | Al 4) | 0x el) 0a 


where wu is any function of y whatever, and F'(u) is an arbitrary function of wu. 
It is shown that if the formula holds for any value of n, it must hold for the 
value n+ 1. 

Setting z = 0, y reduces to a@ and u to f(a); and the nth derivative of wu with 


respect to © becomes 
[ou on—1 
= ayn f(a) |. 
(22) - 24 [verre] 
9. Ifa=f(u, v), y = $(u, v) are two functions which satisfy the equations 


of _o¢ Of Oe 
du out 


show that the following equation is satisfied identically : 


2V 8V /82V eV ONO. ENS 
TN ee ae ae eal: 
ou? ov? ox? oy? ou ov 


10. If the function V (a, y, z) satisfies the equation 

C2VAyuC{ Ve seonbe 
ap == oF = 

Cx? oy? 022 


ze r(es , ey, wi) 
r re (pe! 


2 


AV = 0, 


show that the function 


satisfies the same equation, where xk is a constant and r?2 = @? + y? 4 22, 
[Lorp KExvin. ] 


11. If V(a, y, z) and Vi (a, y, 2) are two solutions of the equation AsV = 0, 
show that the function 
U=V(e,y,2)+ (+ y+ 2)Vi (a, ¥; 2) 


satisfies the equation 
Ap A,gU = 0. 


12. What form does the equation 
-(@ — @8)y” + (1 — 32?) y’— ay =0 
assume when we make the transformation «= V1 —%? 


13. What form does the equation 


Cz Oz 0z 
— + 2ey2?— + 2(y — y®)— + 2 y?z =0 
Ox? v oh ag Vey 
assume when we make the transformation z = uv, y= 1/v? 


14*, Let (a1, ©2, °°, Ln; Uy, U2, +++, Un) be a function of the 2n independent 
variables 21, %2, +++, ny U1, Us, +++, Un, homogeneous and of the second degree 
with respect to the variables uw, Uz, +--+, Un. If we set 
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Op _ Op _ ap _ 
au, aed Bug a 4 OUn sh 
and then take 1, p2, - + +, Pn aS independent variables in the place of uy, U2, ---, Un; 


the function ¢ goes over into a function of the form 
Y (®1, Uo, **+, Un; Pi, P2, °° "5 Dn)- 


Derive the formule : 


Sd ah Adie) Sha. 


Opie °° = ae) ieee 


15. Let WN be the point of intersection of a fixed plane P with the normal MN 
erected at any point M of a given surface S. Lay off on the perpendicular to the 
plane P at the point N a length Nm= NM. Find the tangent plane to the 
surface described by the point m, as M describes the surface S. 

The preceding transformation is a contact transformation. Study the inverse 
transformation. 


16. Starting from each point of a given surface S, lay off on the normal to 
the surface a constant length J. Find the tangent plane to the surface = (the 
parallel surface) which is the locus of the end points. 

- Solve the analogous problem for a plane curve. 


17*. Given a surface S and a fixed point O; join the point Oto any point M of 
the surface S, and pass a plane OMWN through OM and the normal MN to the 
surface S at the point M. In this plane OMN draw through the point O a per- 
pendicular to the line OM, and lay off on it a length OP = OM. The point P 
describes a surface 2, which is called the apsidal surface to the given surface S. 
Find the tangent plane to this surface. 

The transformation is a contact transformation, and the relation between the 
surfaces S and = is a reciprocal one. When the given surface S is an ellipsoid 
and the point O is its center, the surface = is Fresnel’s wave surface. 


18*, Halphen’s differential invariants. Show that the differential equation 
2a/\ 2 qd 2 3 4 3 3 
Gl) EU Sy OU er ole 2) 0 
dx? dx3 


dx da? dxé dat 
remains unchanged when the variables x, y undergo any projective transfor- 
mation (§ 37). 


19. If in the expression Pdxz + Qdy + Rdz, where P, Q, R are any functions 
of x, y, Z, we set 
9 == (Cy Oy Uae y = $(U, v, wW), zZ=y(u, v, w), 
where wu, v, w are new variables, it goes over into an expression of the form 
Py du + Qidv + Ry dw, 


where P;, Qi, R, are functions of u, v, w. Show that the following equation is 
satisfied identically: 

_ DY, 2) 

* D(u, v, w) 


? 
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where 
0 oR oR IR 
a= P(e - 2B) 4 g(2- 2 eR eee 
02 oy Ox 0z oy ox 
0Q, aR, oR, 271) oP; 0Q 
Hip — = pe eee Vor GEN 
i 1G a) + &(S Ow , +m (F a) 


20*, Bilinear covariants. Let 0, be a linear differential form: 
Og = Xda, + Xedxe ++-+-+ AGT 0 


where X,, Xe, ---, X, are functions of the n variables 21, %2,---, Zn. Let us 
consider the expression 


iS > > Aix AX; 5Xx 
wl k=1 
where 
git 2X1 _ Oe 
OX: OX; 


and where there are two systems of differentials, d and 6. If we make any 


transformation 
ti = oi1(N"; Y2,°"", Yn)s @=1, Deel TU) 5 


the expression 6g goes over into an expression of the same form 


0¢ = Yidyi+---+ Yndyn, 


where Yi, Yo,---, Yn are functions of y1, ¥2,++-, Yn. Let us also set 
‘ oY; oY, 
hk = oe 
OYE = OY 
and 


(gl = ye Qin dy; bYx. 


Show that H = H’, identically, provided that we replace dx; and da,, respec- 
tively, by the expressions 


od: ao: bey 
OF ay dys ee aya, 
oy1 6Y2 Yn 

a Ody a 
De bya ayy: 
oy1 0Y2 OYn 


The expression H is called a bilinear covariant of Oa. 


21*, Beltrami’s differential parameters. If in a given expression of the form 
Edx?+2Fdxdy + Gdy?, 


where £, F, G are functions of the variables x and y, we make a transformation 
=f (u,v), ¥ = $(U, v), We obtain an expression of the same form: 


E, du? +2 F,dudv + G, dv, 
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where Ej, F,, Gi are functions of uw and v. Let 6(#, y) be any function of the 
variables x and y, and 6,(u, v) the transformed function. Then we have, iden- 
tically, 


2 a0\? 61\? 061 00 061\? 
‘al a 8 ee aes ay Gy oP4 py ee a ay es 
ox ox oy CY) a ou ou ov ov b 


EG — F? EG, — Fi 
gab iag ot p29 728 
1 || (he oy ny 1 oe oy Ox 
ViEG— RF %&\ Vig — FP VEg—F &Y\ VEGF 
6 6 
Ly ae ye shee 
ma 1 é ou dv 1 6 6v ou 


£,G,— FeO VVE, G, —- F ME, Gy Re CONV BG ee 


22. Schwarzian. Setting y = (ax + b) /(cx + b), where a is a function of ¢ and 
a, b, c, d are arbitrary constants, show that the relation 


a!” 3/2” 2 yt 3 y” 2 
x’ 2\ a rs y 2 y 


// 


da 


is identically satisfied, where x’, 2”, x , y’” denote the derivatives with 


respect to the variable @. 


23*, Let wand v be any two functions of the two independent variables « and y, 
and let us set 
. au+bv+e Naha REST OE ae 
au + Bo + 0” au + 0’ + 0” 


where a, b, c,--+, c’ are constants. Prove the formule: 


o2u Ov Ov Ou eUdV eV 00 


Ox? Ox Ou? Oat mou ox 0a? Oe 
(u, v) (U, V) 


ou 0 o2 02 2 
u dv oe ot 2 (2 Se ou = 


on? Oy Ox? cy Ox OXOY Ox Ox dy 
(u, v) 
CU CVa ON au 2(Z eu 0U ar) 


_ GF ai Oa oy Ox Oxdy Ox Oxudy 


? 


(U,V) 
and the analogous formule obtained by interchanging 2 and y, where 
dudv dUdv dUdV aV dU 
(u, v7) = — — — — — COVA : 


ox oy ea oy 


[Goursat and PainLevk, Comptes rendus, 1887.] 


CHAPTER III 


TAYLOR’S SERIES ELEMENTARY APPLICATIONS 
MAXIMA AND MINIMA 


I. TAYLOR’S SERIES WITH A REMAINDER 
TAYLOR’S SERIES 


44. Taylor’s series with a remainder. In elementary texts on the 
Calculus it is shown that, if f(a) is an integral polynomial of 
degree n, the following formula holds for all values of a and h: 


CO IC OAC) aa E f(a) +g fa) + - et a5 ae) A 


This development stops of itself, since all the derivatives past the 
(n+ 1)th vanish. If we try to apply this formula to a function 
Jf(«) which is not a polynomial, the second member contains an 
‘infinite number of terms. In order to find the proper value to 
assign to this development, we will first try to find an expression 
for the difference 


fle+®) f(a) — 4 f@) — Po I"@) —-- — TS IO 


with the hypotheses that the function f(a), together with its first 
derivatives f'(a), f"(a), ---, f(a), is continuous when z lies in the 
interval (a, a+), and that f(x) itself possesses a derivative 
f°%*%(#) in the same interval. The numbers a and a+ Ah being - 
given, let us set 


ON ta AC) ae Os i PMa) + 


hP 
rE were Cnr a P, 


(2) 


where p is any positive integer, and where P is a number which is 
defined by this equation itself. Let us then consider the auxiliary 


function 
89 
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a+ i= (ath 
(2) =f (a+b) — fe) — FA pr@ -— EAD pig... 
—etho SOC ee p 
It is clear from equation (2), which defines the number P, that 


(a2) = 0, $(a+h)=0; 


and it results from the hypotheses regarding f(x) that the func- 
tion #(x) possesses a derivative throughout the interval (a, a + h). 
Hence, by Rolle’s theorem, the equation ¢'(a) = 0 must have a root 
a+ 6h which hes in that interval, where 6 is a positive number 
which lies between zero and unity. The value of ¢'(x), after some 
easy reductions, turns out to be 


pi(a) = GERD pp @ thay ett yor@)], 


The first factor (a + h —«x)?~' cannot vanish for any value of x 
other than a+. Hence we must have 


P= h*-?41(1 — §)"-P+1 f+ (gq + Oh), where 0<6<1; 


whence, substituting this value for P in equation (2), we find 


oo Ma)+R,, 


(8) F@+M=fO44F'O 7 


where 


(a) e+ 


ares ee: Garett 
BOE OT ORE in 


R Feet) (a+ Oh). 

We shall call this formula Taylor’s series with a remainder, and 
the last term or R, the remainder. This remainder depends upon the 
positive integer py, which we have left undetermined. In practice, 
about the only values which are ever given to p are p=n-+1 and 
p=1. Setting p=n+1, we find the following expression for the 
remainder, which is due to Lagrange: 


Ant 1 


be De eee ad) ; 
#71 .0.eORee ee 


setting p = 1, we find 


pn eta = 6" 


hag Et), 
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an expression for the remainder which is due to Cauchy. It is 
clear, moreover, that the number @ will not be the same, in general, 
in these two special formule. If we assume further that f@+)(@). 
is continuous when x = a, the remainder may be written in the form 


hr +1 


omomeceme aC) <) 


where « approaches zero with h. 

Let us consider, for definiteness, Lagrange’s form. If, in the gen- 
eral formula (3), be taken equal to 2, 3, 4, ---, successively, we 
get a succession of distinct formule which give closer and closer 
approximations for f(a + h) for small values of h. Thus for =1 
we find 


Fath =f@+tp@+r'etM), 


which shows that the difference 


Fath) —f@ —FF'@) 


is an infinitesimal of at least the second order with respect to h, 
provided that /" is finite nearx =a. Likewise, the difference 


h h? 
TES) FO) 8) = Godt (@) 
is an infinitesimal of the third order; and, in general, the expression 


fet) —f(@)— FF = -— SOW 


is an infinitesimal of order »+ 1. But, in order to have an exact 
idea of the approximation obtained by neglecting R, we need to 
know an upper limit of this remainder. Let us denote by M@* an 
upper limit of the absolute value of f“*)(a#) in the neighborhood 
of x = a, say in the interval (a — y,a+ 7). Then we evidently have 
h sae 


M, 


<4 
Fel Sao.. @ pa)” 


provided that |i|< y. 


* That is, M2|f@+D(x)| when |e —a|<y. The expression “the upper limit,” 
defined in § 68, must be carefully distinguished from the expression ‘‘ a upper limit,” 
which is used here to denote a number greater than or equal to the absolute value of 
the function at any point in a certain interval. In this paragraph and in the next 
f@+D(«) is supposed to have an upper limit near w= a. — TRANS. 
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45. Application to curves. This result may be interpreted geomet- 
rically. Suppose that we wished to study a curve C, whose equa- 
tion is y= f(x), in the neighborhood of a point A, whose abscissa 
isa. Let us consider at the same time an auxiliary curve C', whose 
equation is 


CaO" a) +--+ FE pow. 


A line x =a+h, parallel to the axis of y, meets these two curves 
i two points Mand M', which are near A. The difference of their 
ordinates, by the general formula, is equal to 


[peor 


2---(n+1) 


y— Laas f&tY(a + Oh). 
This difference is an infinitesimal of order not less than n +1; and 
consequently, restricting ourselves to a small interval (a — y, a+), 
the curve C sensibly coincides with the curve C'. By taking larger 
and larger values of » we may obtain in this way curves which 
differ less and less from the given curve C; and this gives us a 
more and more exact idea of the appearance of the curve near the 
point A. 

Let us first set nm =1. Then the curve C’ is the tangent to the 
curve C at the point 4: 


Y=f(a)+ @—a)f'(a); 


and the difference between the ordinates of the points M and M' 
of the curve and its tangent, respectively, which have the same 
abscissa a + h, is’ 


li Bere 
0 ois nad (a+ Oh). 


Let us suppose that f'(@) # 0, which is the case in general. The 
preceding formula may be written in the form 


h2 
y-Y=z5l"@+4, 


where ¢ approaches zero with h. Since f(a) # 0, a positive num- 
ber 7 can be found such that |e|<|/"(a)|, when h lies between — y 
and + 9 For such values of 4 the quantity f(a) + « will have 
the same sign as f"(a), and hence y — Y will also have the same 
sign as f''(a). If f"(a) is positive, the ordinate y of the curve is 
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greater than the ordinate Y of the tangent, whatever the sign of 1; 
and the curve C lies wholly above the tangent, near the point A. 
On the other hand, if f"(a) is negative, y is less than Y, and the 
curve lies entirely below the tangent, near the point of tangency. 

If f"(a) = 0, let f™ (a) be the first succeeding derivative which 
does not vanish for =a. Then we have, as before, if f(a) is 
continuous when «=a, 


« AP 
Fal ctipas OG) 4 


and it can be shown, as above, that in a sufficiently small interval 
(a — yn, a@-+ y) the difference y — Y has the same sign as the product 
hef(a). When p is even, this difference does not change sign 
with h, and the curve les entirely on the same side of the tangent, 
near the point of tangency. But if p be odd, the difference y — Y 
changes sign with h, and the curve (' crosses its tangent at the 
point of tangency. In the latter case the point A is called a point 
of inflection; it occurs, for example, if f'"(a) # 0. 

Let us now take » = 2. The curve C’ is in this case a parabola: 


¥=f(a) + (e—a) f(a) + —2 pray, 


whose axis is parallel to the axis of y; and the difference of the 
ordinates is 


pe F 
ee oes Sool: 


If f'"(a) does not vanish, y — Y has the same sign as h? f!"(a) for 
sufficiently small values of h, and the curve C crosses the parabola 
C' at the point A. This parabola is called the osculatory parabola 
to the curve C; for, of the parabolas of the family 


Y=ma’?+ne+p, 


this one comes nearest to coincidence with the curve C near the 
point A (see § 213). 


46. General method of development. The formula (3) affords a 
method for the development of the infinitesimal f(a + h) —f(@) 
according to ascending powers of . But, still more generally, let 
x be a principal infinitesimal, which, to avoid any ambiguity, we 
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will suppose positive; and let y be another infinitesimal of the 
form 


(4) y = Aya + Aga +---+4+ x%(A, + 6), 


where 71, %,---, ”, are ascending positive numbers, not necessarily 
integers, 4,, 42,---, A, are constants different from zero, ande is 
another infinitesimal. ‘The numbers 7, 4;, m2, 42, --- may be cal- 
culated successively by the following process. First of all, it is 
clear that n, is equal to the order of the infinitesimal y with 
respect to x, and that A, is equal to the limit of the ratio y/a% when 
x approaches zero. Next we have 


y — Aya =u = Agxe +---+ (A, +6) 2”, 


which shows that n, is equal to the order of the infinitesimal w, 
and A, to the limit of the ratio u,/2™%. A continuation of this 
process gives the succeeding terms. It is then clear that an infini- 
tesimal y does not admit of two essentially different developments of 
the form (4). If the developments have the same number of terms, 
they coincide; while if one of them has p terms and the other 
p+q terms, the terms of the first occur also in the second. This 
method applies, in particular, to the development of f(a + h) — f(a) 
according to powers of 4; and it is not necessary to have obtained 
the general expression for the successive derivatives of the func- 
tion f(x) in advance. On the contrary, this method furnishes 
us a practical means of calculating the values of the derivatives 


L'@); F"@®s +0 
Examples. Let us consider the equation 
(5) F(a, y) = Au” + By + ay ®(a, y) + Ca"ti+4..-+4+ Dy? +---=0, 


where ®(a, y) is an integral polynomial in x and y, and where the 
terms not written down consist of two polynomials P(a#) and Q(y), 
which are divisible, respectively, by a+! and y*. The coefficients A 
and B are each supposed to be different from zero. As x approaches 
zero there is one and only one root of the equation (5) which ap- 
proaches zero (§ 20). In order to apply Taylor’s series with a 
remainder to this root, we should have to know the successive deriv- 
atives, which could be calculated by means of the general rules. 
But we may proceed more directly by employing the preceding 
method. For this purpose we first observe that the principal part 
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of the infinitesimal root is equal to — (4 /B)a". For if in the equa- 
tion (5) we make the substitution 


A 
y=2(-44n), 


and then divide by x”, we obtain an equation of the same form: 


(6) \ F(a, Y1) 5 Ayu" + By, + LY, ®, (a, Y1) 
ais Cyaath+4..-+ Dy+---=0, 


which has only one term in y,, namely By, As x approaches zero 
the equation (6) possesses an infinitesimal root in y,, and conse- 
quently the infinitesimal root of the equation (5) has the principal 
part — (A /B)x", as stated above. Likewise, the principal part of 
yi is — (A,/B)x™%; and we may set 


A A 
ya Sor (—St 4 yp)orn, 


where y, is another infinitesimal whose principal part may be found 
by making the substitution 


on A, 
naan(— B +u) 
in the equation (6). 


Continuing in this way, we may obtain for this root y an expres- 
sion of the form 


Y = aa + ay e"ts + agar tts +--+ (a, + e)artate tn, 


which we may carry out as far as we wish. All the numbers n, 
M1, Ny +++, N», are.indeed positive integers, as they should be, since 
we are working under conditions where the general formula (3) is 
applicable. In fact the development thus obtained is precisely the 
same as that which we should find by applying Taylor’s series with 
a remainder, where a = 0 and h = a. 

Let us consider a second example where the exponents are not 
necessarily positive integers. Let us set 


Q Aat+ BaP+ Cav... 
SS"? 
y 1+ Bio’ + es 
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where a, , y, --: and f, y, -:: are two ascending series of positive 
numbers, and the coefficient A is not zero. It is clear that the prin- 
cipal part of y is Aw, and that we have 


a. Bu + Cay +--»-—Ax* (Bx + O,2% +--+) 
ie By x's + Cian +.--- 


y¥—Ax ’ 
which is an expression of the same form as the original, and whose 
principal part is simply the term of least degree in the numerator. 
It is evident that we might go on to find by the same process as 
many terms of the development as we wished. 


Let f(x) be a function which possesses n + 1 successive derivatives. Then 
replacing a by x in the formula (3), we find 


h h? hn 
F(a +h) =F(e) += F(@) + — Se) +--+ + —— [f@ +4], 
1 1.2 1.2---n 
where e approaches zero with h. Let us suppose, on the other hand, that we 
had obtained by any process whatever another expression of the same form for 


F(a +h): 
f(a +h) =f(x) + hor (©) + A? G2 (x) +--+ +h” [hn (a) + €]. 


These two developments must coincide term by term, and hence the coefficients 
$1, 2, °:*, dn are equal, save for certain numerical factors, to the successive 
derivatives of f(x): 


FO (2) 


¢1(%) =f’ (£), Pa) ig ard a ea Dan 


This remark is sometimes useful in the calculation of the derivatives of certain 
-functions. Suppose, for instance, that we wished to calculate the nth derivative 
of a function of a function: 


Y= Fh), where u= (x). 
Neglecting the terms of order higher than n with respect to h, we have 


M40 (a); 
n 


h h2 
Mee CEE) eS) sa GE) ae Beate eae 


and likewise neglecting terms of order higher than n with respect to k, 


key 12 kn 
S(u +k) rh Ae eat CA artery’ OG Ruler gar AC): 


If in the right-hand side k be replaced by the expression 


io h2 
PP Ao anette) ano) 


hr 
HY 
1 ae) 


12 


and the resulting expression arranged according to ascending powers of h, it is 
evident that the terms omitted will not affect the terms in h, h®,---, h®. The 
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coefficient of h”, for instance, will be equal to the nth derivative of f [? (x)] 
divided by 1.2---n; and hence we may write 


I$ f[o@)]} =1.2- vn] Ass'n 4A Oy 4 SS arow |, 


where A; denotes the coefficient of h in the development of 


h hn a 
Loy len co) 
[ tows eae e |. 


For greater detail concerning this method, the reader is referred to Hermite’s 
Cours d@’ Analyse (p. 59). 


47. Indeterminate forms.* Let f(x) and $(x) be two functions 
which vanish for the same value of the variable «=a. Let us try 
to find the limit approached by the ratio 


f(a +4) 
(4 + h) 


as h approaches zero. This is merely a special case of the problem 
of finding the limit approached by the ratio of two infinitesimals 
The limit in question may be determined immediately if the prin- 
cipal part of each of the infinitesimals is known, which is the case 
whenever the formula (3) is applicable to each of the functions 
J (x) and $(#) in the neighborhood of the pointa. Let us suppose 
that the first derivative of f(x) which does not vanish for x = a is 
that of order p, f(a); and that likewise the first derivative of 
(x) which does not vanish for «=a is that of order g, $(@). 
Applying the formula (3) to each of the functions f(x) and ¢(z) 
and dividing, we find 


FOR) _ py agli2og FO 4e 
o(a+h) 1.2---p o%(a)+e! 


where ¢ and ¢’ are two infinitesimals. It is clear from this result 
that the given ratio increases indefinitely when 4 approaches zero, if 
q is greater than p; and that it approaches zero if q is less than p. 
If g = p, however, the given ratio approaches f(a) / (a) as its 
limit, and this limit is different from zero. 


Indeterminate forms of this sort are sometimes encountered in finding the 
tangent to a curve. Let 


z=f(), y=¢), 2z=¥ 


* See also §7. 
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be the equations of a curve C in terms of a parameter ¢. The equations of the 
tangent to this curve at a point M, which corresponds to a value to of the param- 
eter, are, aS we saw in § 5, 


X —Sf (to) _ Y— oo) _ 2—¥h) 
J (to) $' (to) (to) 
These equations reduce to identities if the three derivatives f(t), ¢’(t), ¥’(#) all 
vanish fort = to. In order to avoid this difficulty, let us review the reasoning 
by which we found the equations of the tangent. Let M’ be a point of the 
curve C near to M, and let t) + 2 be the corresponding value of one parameter. 


Then the equations of the secant MM’ are 
X —f (to) Y — ¢ (to) Z — w (to) 


S(toth)—Ff(to) Plto+h)—o(tor) Yllo+h) —¥) 

For the sake of generality let us suppose that all the derivatives of order less 
than p(p>1) of the functions f(t), ¢ (2), y(t) vanish for t = fo, but that at least 
one of the derivatives of order p, say f‘) (to), is not zero. Dividing each of the 
denominators in the preceding equations by AP and applying the general for- 
mula (3), we may then write these equations in the form 


X —f(lo) — Y —¢(bo) * Z — wp (to) ’ 

FP (to) te PP(bo) + WP) (bo) + &” 
where «, e’, e” are three infinitesimals. If we now let h approach zero, these 
equations become in the limit : 


AGS JNO) ee C0 ae Lea 
FP) (to) GP) (to) CP) (to) 
in which form all indetermination has disappeared. 
The points of a curve C where this happens are, in general, singular points 
where the curve has some peculiarity of form. Thus the plane curve whose 
equations are 


Croley y= 
passes through the origin, and dz /dt = dy /dt = 0 at that point. The tangent 
is the axis of x, and the origin is a cusp of the first kind. 


48. Taylor’s series. If the sequence of derivatives of the function 
J(“) is unlimited in the interval (a, a+), the number n in the 
formula (3) may be taken as large as we please. Jf the remainder 
R,, approaches zero when n increases indefinitely, we are led to write 
down the following formula: 


(7) Flat h)=f@)+ af (a) + pays ane ee ae 


which expresses that the series 


SY) +z * fia) ++ acum Wi may te (9) 02 
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is convergent, and that its “sum”’* is the quantity f(a + h). This 
formula (7) is Zaylor’s series, properly speaking. But it is not justi- 
fiable unless we can show that the remainder R, approaches zero when 
nm is infinite, whereas the general formula (3) assumes only the exist- 
ence of the first nm + 1 derivatives. Replacing a by a, the equation 
(7) may be written in the form 


fet Wh =f@)t Zl @+—-+ py — f@t- 


Or, again, replacing 2 by x and setting a = as we find the formula 


(8) S@)=SO) FF FO +--+ GB — FCO + 


This latter form is often called Maclaurin’s series ; but it should 
be noticed that all these different forms are essentially equivalent. 
The equation (8) gives the development of a function of x accord- 
ing to powers of x; the formula (7) gives the development of a func- 
tion of A according to powers of A: a simple change of notation is 
all that is necessary in order to pass from one to the other of these 
forms. 

It is only in rather specialized cases that we are able to show 
that the remainder R, approaches zero when v increases indefinitely. 
If, for instance, the absolute value of any derivative whatever is less 
than a fixed number M when =~ lies between a and a + A, it follows, 
from Lagrange’s form for the remainder, that 


LA [rt 
iL Nee 


an inequality whose right-hand member is the general term of a 
convergent series.t Such is the case, for instance, for the functions 
e*, sina, cosx. All the derivatives of e” are themselves equal to 
e*, and have, therefore, the same maximum in the interval con- 
sidered. In the case of sinw and cosz the absolute values never 
exceed unity. Hence tae formula (7) is applicable to these three 
functions for all values of @ and h. Let us restrict ourselves to 
the form (8) and apply it first to the function f(a) =e". We find 


FO) =21, FOr, ofa FEO) =1, i606 


|B, | <a 


* That is to say, the limit of the sum of the first m terms as n becomes infinite. 
For a definition of the meaning of the technical phrase ‘‘ the sum of a series,” see 
§ 157. — TRANS. 

+ The order of choice is a, h, M, n, not a, h, n, M. This is essential to the con- 
vergence of the series in question. — TRANS. 
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and consequently we have the formula 


2 a 
(9) e=14¢54 704.425 


CM Med ep) A Ca 


which applies to all values, positive or negative, of x If a is any 
positive number, we have a* = e"'%*, and the preceding formula 
becomes 


aD piBe a & log a)? ars (x log a)" 


1.2 tLe Pr aaa. 


(10) Fa? = do 
Let us now take f(~)=sinx. The successive derivatives form a 
recurrent sequence of four terms cos x, — sin x, — cosa, sina; and 
their values for « = 0 form another recurrent sequence 1, 0, —1, 0. 
Hence for any positive or negative value of x we have 


: x x x 
(1) Ry LBB 12.84.59 


Tp es os Oneal) ae 

and, similarly, 
12 paz ss - 
(12) eose=1-F 54+ 75 gg tC pgs coet” 

Let us return to the general case. The discussion of the remain- 
der R, is seldom so easy as in the preceding examples; but the 
problem is somewhat simplified by the remark that if the remain- 
der approaches zero the series 


f(a) + EP) t+ a Oa) +» 


necessarily converges. In general it is better, before examining 
R,,, to see whether this series converges. If for the given values of 
a and h the series diverges, it is useless to carry the discussion 
further; we can say at once that R, does not approach zero when n 
increases indefinitely. 


49. Development of log(1 +x). The function log(1 + 2), together 
with all its derivatives, is continuous provided that x is greater 
than —1. The successive derivatives are as follows: 


F@)=T 
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" ey a 
J Care 
my 1.2 
ui (« er 
F(@)=(— 1) oo 


“nN 


FOV) = (— te ae 


Let us see for what values of « Maclaurin’s formula (8) may be 
applied to this function. Writing first the series with a remainder, 
we have, under any circumstances, 


2 3 4 


The remainder R,, does not approach zero unless the series . 
EO caret og fine 
Oa — eee —_— Te Sie eee 
Teo te 3 shears (arb) ait 
converges, which it does only for the values of x between — 1 and 


+1, including the upper limit + 1. When ~& lies in this interval 
the remainder may be written in the Cauchy form as follows: 


_ wt M(1 = Oy (= 1)". 2+ HL 8) 


Le Sasa rae akc wT agg 2 econo 


or 


Wi Ob \e- a 
os n+ 1 ————— a) 
Beep) a (st) te 


Let us consider first the case where |a|<1. The first factor x 
approaches zero with x, and the second factor (1 — 6) /(1 + @m) is 
less than unity, whether x be positive or negative, for the numer- 
ator is always less-than the denominator. The last factor remains 
finite, for it is always less than 1/(1 —|a]|). Hence the remainder 
R,, actually approaches zero when increases indefinitely. This 
form of the remainder gives us no information as to what happens 
when « =1; but if we write the remainder in Lagrange’s form, 


1 i 
1) Ee | (1 + oth 


it is evident that R,, approaches zero when m increases indefinitely. 
An examination of the remainder for « = —1 would be useless, 


R, =(— 
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since the series diverges for that value of x. We have then, when 
x lies between — 1 and + 1, the formula 


@3 


oe” 
Sta — S16 
3 aaah) iat : 


eG 
(13) log Tit ie rat 
This formula still holds when « =1, which gives the curious 
relation 
eel se, «21. iI 
Br fees all ib eat Urea ie a of acd ome eS 
(14) log2=1 pg tat i Coe) et 
The formula (13), not holding except when z is less than or equal 
to unity, cannot be used for the calculation of logarithms of whole 
numbers. Let us replace x by — x. The new formula obtained, 


ip ae ab? a” 
(13') log —#) = —7 9 Baia a age 


still holds for values of x between — 1 and +1; and, subtracting 
the corresponding sides, we find the formula 


1a Ae eg? a pp 
o == (Soe = JL Hs ta Se |) 
) log (F*2) (F+9+5+ i ote ) 


When «x varies from 0 to 1 the rational fraction (1 + x) /(1 — 2) 
steadily increases from 1 to + 0, and hence we may now easily cal- 
culate the logarithms of all integers. A still more rapidly con- 
verging series may be obtained, however, by forming the difference 
of the logarithms of two consecutive integers. For this purpose 
let us set 

1l+ew N+1 1 


Tie) > CT at oh AOS 1s 


Then the preceding formula becomes 


ib 1 1 
log (N+1)—logN=2 eee 
Pet ae) oe l owsatse@eaaytageept ib 
an equation whose right-hand member is a series which converges 
very rapidly, especially for large values of JN. 


Note. Let us apply the general formula (3) to the function log (1 + 2), setting 
a=0,h=a,n=1, and taking Lagrange’s form for the remainder. We find in 
this way 

. a2 


log (1 Se Ee 
og(1+2)=2 da + a 
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If we now replace x by the reciprocal of an integer n, this may be written 
1 1 6 
ilope{( Th te |) = 
05( a ‘) ite Pie 


where @, is a positive number less than unity. Some interesting consequences 
may be deduced from this equation. 


1) The harmonic series being divergent, the sum 


ies 1 
payee hate ct at NOT 
Mage cee en 


increases indefinitely with n. But the difference 


approaches a finite limit. For, let us write this difference in the form 


1— log” “E 57 85 af 0 00 Sr Ups yas ae ee 
1 2 v0) p 


+(E—tog™ +4) + tog" baci 
n n 
Now 1/p — log (1 + 1/>p) is the general term of a convergent series, for by the 


equation above 
z log (1 : peas 
phe ~ 2p? 


which shows that this term is smaller than the general term of the convergent 
series 2(1/p?). When n increases indefinitely the expression 


lee SOs ( = *) 
n n 


approaches zero. Hence the difference under consideration approaches a finite 
limit, which is called Huler’s constant. Its exact value, to twenty places of 
decimals, is C = 0.57721566490153286060. 


2) Consider the expression 
1 il i 
= —— + ferry ’ 
n+1 n+2 n+p 


where n and p are two positive integers which are to increase indefinitely. Then 
we may write 


i) 1 1 1 
ES : —({1l-+=-4... = 
gS ee ae rs) 

ii il 

dee db -+——= log (n+ p) + preps 
2 n+ 
1 i 

Teper t= = = LOE prs 
2 n 
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where pn+ » and p, approach the same value C when n and p increase indefi- 
nitely. Hence we have also 


2 = log (1 +2) + pty Pu 


Now the difference pn») — pn approaches zero. Hence the sum 2 approaches 
no limit unless the ratio p/n approaches a limit. If this ratio does approach a 
limit a, the sum » approaches the limit log (1 + a). 

Setting p = n, for instance, we see that the sum 


i ay: : a te ES 
n+1 n+2 2n 
approaches the limit log 2. 


50. Development of (1 + x)™. The function (1 + x)” is defined and 
continuous, and its derivatives all exist and are continuous func- 
tions of z, when 1+ is positive, for any value of m; for the 
derivatives are of the same form as the given function: 


f@—md ayn 
fila) =m(m— 1A +2)"-% 
POR CA eee tes 
FOEtV(@) = m(m — 1)---(m —n) (1 + 7) ™-"-1, 
Applying the general formula (3), we find 


(Ltayrait¢Se4 MOD ey... 
+ BOD nt) +R; 


and, in order that the remainder R, should approach zero, it is first 
of all necessary that the series whose general term is 


m(m —1)---(m—n+1) ‘i 
1.2...” - 


should converge. But the ratio of any term to the preceding is 


m—n+il 


n 7) 


which approaches — # as nm increases indefinitely. Hence, exclud- 
ing the case where m is a positive integer, which leads to the ele- 
mentary binomial theorem, the series in question cannot converge 
unless |w|<1. Let us restrict ourselves to the case in which je|<1. 
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To show that the remainder approaches zero, let us write it in the 
Cauchy form: 


m(m —1)--.(m —n) = Qe\ 
R, = , m— 
” ior aor 1. bn Gein itat 


The first factor 


DOE EA 
L277 


approaches zero since it is the general term of a convergent 
series. ‘lhe second factor (1 — 6) /(1 + 62) is less than unity; and, 
finally, the last factor (1 + 0x)"—1 is less than a fixed limit. For, 
if m—1>0, we have (1 + 6x)"—'< 2"-1; while if m—1< 0, 
(1 + 6x)""'< (1 —|a|)""!. Hence for every value of x between 
—1 and +1 we have the development 


(tayaip te peda... 


(16) 
m(m —1)-:-(m—n+1 
+ 1.2---n” Xz 


We shall postpone the discussion of the case where x = + 1. 
In the same way we might establish the following formule: 


j bd Aes 1.3 a? 
aresing=a+o 3 +5 45 
SES Aire gant we 
2 dy Otero ay ed: ; 
gt gh gi want 
are tan a@ = @ — 3 + > 7s Oren me. Sani 


which we shall prove later by a simpler process, and which hold 
for all values of x between —1 and +1. 

Aside from these examples and a few others, the discussion of 
the remainder presents great difficulty on account of the increas- 
ing complication of the successive derivatives. It would therefore 
seem from this first examination as if the application of Taylor’s 
series for the development of a function in an infinite series were of 
limited usefulness. Such an impression would, however, be utterly 
false ; for these developments, quite to the contrary, play a funda- 
mental rdle in modern Mathematical Analysis. In order to appre- 
ciate their importance it is necessary to take another point of 
view and to study the properties of power series for their own 
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sake, irrespective cf their origin. We shall do this in several of 


the following chapters. 
Just now we will merely remark that the series 


f(0)+->- 


Oe 


x x 
122 1.23% 
may very well be convergent without representing the function 
f(x) from which it was derived. The following example is due to 
Cauchy. Let f(z)=e-/*, Then f'(2)=(2/a*)e-“™; andi 
general, the mth derivative is of the form 


1 


I= a e'*, 
where P is a polynomial. All these derivatives vanish for x = 0, 
for the quotient of e~!/” by any positive power of x approaches 
zero with «.* Indeed, setting « =1/z, we may wr'te 


and it is well known that e*/z" increases indefinitely with 2, no 
matter how large m may be. Again, let p(x) be a function to which 
the formula (8) applies : 


o(x)=¢ (0) +5 Oe + 40) +» 


ai 
Setting F(x) = d(x) +e7!/™, we find 
POV = PO) FO) PO), cory Oe O) ears 


and hence the development of F(x) by Maclaurin’s series would 
coincide with the preceding. The sum of the series thus obtained 
represents an entirely different function from that from which the 
series was obtained. 

In general, if two distinct functions f(x) and ¢ (a), together with 
all their derivatives, are equal for z=0, it is evident that the 


*It is tacitly assumed that (0) = 0, which is the only assignment which would 
render f(x) continuous at «= 0. But it should be noticed that no further assignment 
is necessary for f’(x), etc., atw=—0. For 


ee Fe) =f) 
x 


SO) = =0, 


which defines /’(v) at ¢ = 0 and makes /’(x) continuous at « = 0, ete. —TRANS. 
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Maclaurin series developments for the two functions cannot both 
be valid, for the coefficients of the two developments coincide. 


51. Extension to functions of several variables. Let us consider, for 
definiteness, a function o = f(a, y, z) of the three independent vari- 
ables x, y, z, and let us try to develop f(a +h, y +k, 2 + 1) accord- 
ing to powers of h, k, /, grouping together the terms of the same 
degree. Cauchy reduced this problem to the preceding by the fol- 
lowing device. Let us give x, y, z, h, k, 2 definite values and let 
us set 

o(t) =f (x + ht, y + kt, 2+), 


where ¢ is an auxiliary variable. The function $(¢) depends on ¢ 
alone; if we apply to it Taylor’s series with a remainder, we find 


$()=4O)+5¢ Oye 
(17) ceuRE fe 
Laer apres arene yA S 


where $(0), (0), ---, (0) are the values of the function ¢(¢) 
and its derivatives, for ¢=0; and where ¢“+” (6) is the value of 
the derivative of order m + 1 for the value 6¢, where @ lies between 
zero and one. But we may consider ¢(¢) as a composite function of 
t, 6(t) = f(u, v, w), the auxiliary functions 
u=a + ht, v=yrt kt, wa=2et+l 

being linear functions of ¢. According to a previous remark, the 
expression for the differential of order m, d”¢, is the same as if wu, 


v, w were the independent variables. Hence we have the symbolic 
equation 


vt up of of | af oy E ue af af (m) 
amg = (FF au + 2F dn + OF aw = he pat theak bitin ) 
which may be written, after dividing by dz”, in the form 


(m) 
g(t) = ((En+ fui) 


For t= 0, u, v, w reduce, respectively, to x, y, z, and the above 
equation in the same symbolism becomes 


(m) 
src= (En4 Les £1) 
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Similarly, 


0 (n+1) 
sornan= (Las k + L ) 


where 2, y, z are to be replaced, after the expression is developed, by 
x + Oht, y + okt, z+ Olt, 


respectively. If we now set ¢ =1 in (17), it becomes 
Se hye 
(eth ytk,z+l)= roswa+(Za +Ln+Zi)s.. 


1 TOT ee ee 
top (Lar Zer Ly) wie 


(18) 


The remainder &,, may be written in the form 


Me, 1 of of CPN: 
R, =F spay (2 n+ Lar Zi) ; 


where x, y, z are to be replaced by x + 6h, y + 6k, x + Ol after the 
expression is expanded.* 

This formula (18) is exactly .analogous to the general formula 
(3). If for a given set of values of.a, y, z, h, k, l the remainder R, 
approaches zero when 7 increases indefinitely, we have a develop- 
ment of f(x +h, y+ k, +7) in a series each of whose terms is a 
homogeneous polynomial in h, k, 7. But it is very difficult, in gen- 
eral, to see from the expression for R,, whether or not this remainder 
approaches zero. 


52. From the formula (18) it is easy to draw certain conclusions 
analogous to those obtained from the general formula (3) in the 
case of a single independent variable. For instance, let 2 = f(a, y) 
be the equation of a surface S. If the function f(a, y), together 
with all its partial derivatives up to a certain order n, is continuous 
in the neighborhood of a point (a, yo), the formula (18) gives 


F(®o +h, Yo + k) = eas) + (WSL + 4 E) 


1 (a ® 
+ (j£1+ 22x) ob R,. 


Restricting ourselves, in the second member, to the first two terms, 
then to the first three, etc., we obtain the equation of a plane, then 


* It is assumed here that all the derivatives used exist and are continuous. — TRANS. 
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that of a paraboloid, etc., which differ very little from the given sur- 
face near the point (x, yo). The plane in question is precisely the 
tangent plane; and the paraboloid is that one of the family 


2= Ax’? 42 Bey+ Cy? 4+2Dxe+2Ey+F 


which most nearly coincides with the given surface S. 

The formula (18) is also used to determine the limiting value of 
a function which is given in indeterminate form. Let f(a, y) and 
(x, y) be two functions which both vanish for x =a, y = 6, but 
which, together with their partial derivatives up to a certain order, 
are continuous near the point (a, 0). Let us try to find the limit 


approached by the ratio 
S(%; Y) 


p(x, Y) 


when «x and y approach a and 4, respectively. Supposing, first, that 
the four first derivatives 0f/0a, ef/0b, Op /Ca, Cp /eb do not all 
vanish simvuitaneously, we may write 


of of ) 
A\(= ki= i 
Bee aay (HE +e) 4 & rey 


da+hb+k) | (a 6 
( h fe +n(P+e 


where «, e', «, « approach zero with 2 and k. When the point 
(x, y) approaches (a, 6), 2 and k& approach zero; and we will sup- 
pose that the ratio k/h approaches a certain limit a, i.e. that the 
point (x, y) describes a curve which has a tangent at the point (a, 0). 
Dividing each of the terms of the preceding ratio by h, it appears 
that the fraction f(x, y) /$(a, y) approaches the limit 


This limit depends, in general, upon a, i.e. upon the manner in 
which x and y approach their limits a and 4, respectively. In order 
that this limit should be independent of a@ it is necessary that the 
relation 

afis af eb _ 

da 0b = Ob Ca 


should hold; and such is not the case in general. 
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If the four first derivatives 0f/0a, 6f/ 0b, 0p /Ca, Cp /Ob vanish 
simultaneously, we should take the terms of the second order in the 


formula (18) and write 
or o* Lf +e") 18 
2S Ue eA ese hh Noe 
jasnsan atiyet (Z eae ‘) + (5+ 


g(a th, b+ k) (Fete) a +2/ aks +4) int (GPa) e 


0a? Ga Ob ob? 


where «, e', e, «, ef, e{! are infinitesimals. Then, if a be given the 
same meaning as above, the limit of the left-hand side is seen to be 


aoe at 


0a? nae ob? 
a Pb 


Oe ren Ck 


which depends, in general, upon a. 
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53. Singular points. Let (a , y)) be the codrdinates of a point M, 
of a curve C whose equation is F(a, y)=0. If the two first par- 
tial derivatives 0F /éx, 0F /dy do not vanish simultaneously at this 
point, we have seen (§ 22) that a single branch of the curve C passes 
through the poe and that the equation of the tangent at that 
point is 


ae OF 
(A arene! Ya, = 


where the symbol 6”?+7F /éx? dy{ denotes the value of the derivative 
0? +49F / Ox? Oy! for % =X, y= Yo. If CF /0x, and OF /éy, both van- 
ish, the point (#o, 7) is, in general, a singular point.* Let us suppose 
that the three second derivatives do not all vanish simultaneously 
for «= 2%, y¥ = Yo, and that these derivatives, together with the third 
derivatives, are continuous near that point. Then the equation of 
the curve may be written in the form. 


‘ 
* That is, the appearance of the curve is, in general, peculiar at that point. Foran 
exact analytic definition of a singular point, see § 192.— TRANs. 
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0= F(a, y) 
_1l oF py: Cor. OF 
(19) Eg) [ 0x2 (% — %)"+ 2 8x5 Yo (@— XY — Yo) + Oye wx) | 


Lear OF © 
me ioe3 E (% — &) + oy (Ch Dilan. 

% + OY — Yp) 
where x and y are to be replaced in the third derivatives by 
Ly + O(x — x) and yo + O(y — yo), respectively. We may assume 
that the derivative 0? F/dyj does not vanish; for, at any rate, we 
could always bring this about by a change of axes. Then, setting 
Y — Yo=t(w@—2) and dividing by (x —2»)*, the equation (19) 
becomes 
@F er god 


Gag 7 * Be, ay, 0 


@ Y) oys 


st =p) (=?) OS 
where P(x — 2, t) is a function which remains finite when x 
approaches x). Now let ¢, and ¢, be the two roots of the equation 
OF oF oF 
Ga pt Cy OY ey 
If these roots are real and unequal, i.e. if 


OF iF OF OF 
Gaty Oyo] ~ Om§ Oy 


the equation (20) may be written in the form 


oF 
oy 


(¢-—4)t—t)+(e@—2%)P=09. 


For x = x» the above quadratic has two distinct roots ¢ = t, ¢ = ty. 
As x approaches x that equation has two roots which approach ¢, 
and ¢,, respectively. The proof of this is merely a repetition of 
the argument for the existence of implicit functions. Let us set 
t =¢t, + u, for example, and write down the equation connecting x 
and w: 

u(t, — te + uv) + (@ — &) Q(a, u) = 0, 


where Q(x, w) remains finite, while x approaches «, and « approaches 
zero. Let us suppose, for definiteness, that ¢; —¢, >0; and let M 
denote an upper limit of the absolute value of Q(z, wu), and ma 
lower limit of ¢, — t,+ u, when a lies between x — fh and a +h, 
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and w between — h and + h, where / is a positive number less than 
t; —t,. Now let « be a positive number less than /, and y another 
positive number which satisfies the two inequalities 


m 
n<h, Ue 4g 


If x be given such a value that |a — | is less than y, the left-hand 
side of the above equation will have different signs if — « and then 
+e be substituted for w Hence that equation has a root which 
approaches zero as x approaches a», and the equation (19) has a 
root of the form 
Y = Yo + (@ — %) (41 + &); 

where « approaches zero with x — x». It follows that there is one 
branch of the curve C which is tangent to the straight line 


Y — Yo =t (a — 2%) 
at the point (29, yo): 

In like manner it is easy to see that another branch of the 
curve passes through this same point tangent to the straight line 
Y —Yo=t,(«@ —a). The point M) is called a double point; and 
the equation of the system of tangents at this point may be found 
by setting the terms of the second degree in (a — a»), (y — y).in 
(19) equal to zero. 

If 


( OF ) OF @F 
= << ((). 


Bayo) Cab Oye 
the point (%, y¥) is called an tsolated double point. Inside a suffi- 
ciently small circle about the point M) as center the first member 
F(a, y) of the equation (19) does not vanish except at the point My 
itself. For, let us take 


%=%+pcosd, Yy=Y+tpsing 


as the coordinates of a point near M). Then we find 


2 (Crk. or 
Fee) = & (TF oos Oe oa. or, cos d Sind a in? 


where Z remains finite when p approaches zero. Let H be an upper 
limit of the absolute value of L when p is less than a certain posi- 
tive number 7. For all values of ¢ between 0 and 27 the expression 


2 


ae? 26+ 2-— ae 


cos # sin Br 2 
Ox ity OY p By? sin* 


0 
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has the same sign, since its roots are imaginary. Let m be a lower 
limit of its absolute value. Then it is clear that the coefficient 
of p* cannot vanish for any point inside a circle of radius p< m/H. 
Hence the equation F(a, y) = 0 has no root other than p = 0, ie. 
L =X, Y = Yo, inside this circle. 

In case we have 


Or \) CF OF 
Oa,oy,) bar by’ 


the two tangents at the double point coincide, and there are, in gen- 
eral, two branches of the given curve tangent to the same line, thus 
forming a cusp. The exhaustive study of this case is somewhat 
intricate and will be left until later. Just now we will merely 
remark that the variety of cases which may arise is much greater 
than in the two cases which we:have just discussed, as will be seen 
from the following examples. 

The curve y? = x has a cusp of the first kind at the origin, both 
branches of the curve being tangent to the axis of x and lying on 
different sides of this tangent, to the right of the y axis. The 
curve y? — 2x77 + a2* — a> =0 has a cusp of the second kind, both 
branches of the curve being tangent to the axis of x and lying on 
the same side of this tangent; for the equation may be written 


5 
ie es ea 


and the two values of y have the same sign when z is very small, 
but are not real unless x is positive. The curve 


a! + xy? —622y + 42=0 


has two branches tangent to the x axis at the origin, which do not 
possess any other peculiarity ; for, solving for y, the equation becomes 


3a) Lay oe 
ai IL Se yer ; 


y 


and neither of the two branches, corresponding to the two signs 
before the radical has any singularity whatever at the origin. 

It may also happen that a curve is composed of two coincident 
branches. Such is the case for the curve represented by the 
equation 

F(«, y) = oy? — 2a7?7y + x* = 0. 

When the point (a, y) passes across the curve the first member F(a, y) 
vanishes without changing sign. 
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Finally, the point (a, yo) may be an isolated double point. Such 
is the case for the curve 7? + a* + y* = 0, on which the origin is an 
isolated double point. 


54. In like manner a point M, of a surface S, whose equation is 
F(a, y, 2) = 9, is, in general, a singular point of that surface if the 
three first partial derivatives vanish for the coérdinates 2, Yo, %o of 
that point: 

CDA wr OE oe eee O rl 


= Ont 
Ue Ab i Oz, 


The equation of the tangent plane found above (§ 22) then reduces 
to an identity; and if the six second partial derivatives do not all 
vanish at the same point, the locus of the tangents to all curves on 
the surface S through the point J is, in general, a cone of the 
second order. For, let 


Bes f(t)t «yea Cah ee erate) 


be the equations of a curve C on the surface S. Then the three 
functions f(¢), ¢(¢), w(t) satisfy the equation F(a, y, z)=0, and 
the first and second differentials satisfy the two relations 


OF OF OF 

Bp OO Pegs, Soe gaa 
OF OF OBigt Ao Ce My eae Onl OF 
——— —— Se 4 eee he SBS oF be Ly a 
(2 0 dy + >. iz) TOE ayaa d gee tas 


For the point « = x, y = Y, # = % the first of these equations 
reduces to an identity, and the second becomes 


OF Or OF 
ees 2 ] 2 
ag OT typ OY * Ge8 
OF CF C2 F 
2 de dy +2 —— dy dx + 2 dude = 0. 
"3 CL, dy i Y bs OY Ox 2 " OXp 0% dat de 0 


The equation of the locus of the tangents is given by eliminating 
dx, dy, dz between the latter equation and the equation of a tangent 
line 

KX —% YS 4 ah 
di, ~~ Rae “sd ; 


which leads to the equation of a cone 7 of the second degree: 
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ee 
pre = 2) 7 2 Ke Yo)" +o az om 2)? 


2 


Or 
(21) ety meee Bary 04, OY Cea) Y= Yo) 


oe OF 
(oe Y) (4 — CL rae ae armen 


oars bes (X — &) (Z — &%) = 0. 


Oy 62 


On the other hand, applying Taylor’s series with a remainder 
and carrying the development to terms of the third order, the equa- 
tion of the surface becomes 


O= FE, y, 2) 
ARS 3 oF oF oy 
on) ra Bet Fo -w+ Zea) | 
1 [or OF OF 
+o55| Ze-2)+FZ0-m+ Ze Ge ~ 2) eae By? 
a + (2-2) 


where «x, y, in the terms of the third order are to be replaced by 
Xo + O(x — aX), Yt O(y— Yo), % + O(% — 2), respectively. The 
equation of the cone 7 may be obtained by setting the terms of 
the second degree in # — a, y — Yo, # — % in the equation (22) equal 
to zero. 

Let us then, first, suppose that the equation (21) represents a real 
non-degenerate cone. Let the surface S and the cone T be cut by a 
plane P which passes through two distinct generators G and G' of 
the cone. In order to find the equation of the section of the sur- 
face S by this plane, let us imagine a transformation of coérdinates 
carried out which changes the plane P into a plane parallel to the 
xy plane. It is then sufficient to substitute z =, in the equation (22). 
It is evident that for this curve the point M, is a double point with 
real tangents; from what we have just seen, this section is composed 
of two branches tangent, respectively, to the two generators G, G’'. 
The surface S near the point M, therefore resembles the two nappes 
of a cone of the second degree near its vertex. Hence the point 4, 
is called a conical point. 

When the equation (21) represents an imaginary non-degenerat« 
cone, the point M, is an isolated singular point of the surface S. 
Inside a sufficiently small sphere about such a point there exists no 
set of solutions of the equation F(x, y, z)=0 other than x= a, 
Y= Yo) %=%- For, let M be a point in space near Mo, p the 
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distance MM), and a, B, y the direction cosines of the line MM. 
Then if we substitute 

T= Lot pa, y=Y%tpB, x~=%+ py, 
the function F(x, y, #) becomes 


Or 


OF OF 
F(@, y, z)= ae at per! erm Oz Fay +t}, 


where Z remains finite when p approaches zero. Since the equation 
(21) represents an imaginary cone, the expression 
or oF 


eee SRE ee 


cannot vanish when the point (a, B, y) describes the sphere 
a 2 Tag + y = ik 


Let m be a lower limit of the absolute value of this polynomial, 
and let H be an upper limit of the absolute value of Z near the 
point M). Ifa sphere of radius m/H be drawn about M, as center, 
it is evident that the coefficient of p* in the expression for F(a, y, 2) 
cannot vanish inside this sphere. Hence the equation 


F(a, y, 2) =90 
has no root except p = 0. 

When the equation (21) represents two distinct real planes, two 
nappes of the given surface pass through the point MM, each of 
which is tangent to one of the planes. Certain surfaces have a 
line of double points, at each of which the tangent cone degenerates 
into two planes. This line is a double curve on the surface along 
which two distinct nappes cross each other. For example, the circle 
whose equations are z = 0, x? + y* = 1 is a double line on the surface 
whose equation is 


gt 2 22 (a? + ?) ae (a? + y? — 1)?=0 
When the equation (21) represents a system of two conjugate 
imaginary planes or a double real plane, a special investigation is 
necessary in each particular case to determine the form of the sur- 


face near the point M). The above discussion will be renewed in 
the paragraphs on extrema. 


55. ‘Extrema of functions of a single variable. Let the function f(a) 
be continuous in the interval (a, 6), and let ¢ be a point of that 
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interval. The function f(x) is said to have an extremum (i.e. a 
maximum or a minimum) for «=e if a positive number 7 can be 
found such that the difference f(e + h) —f(c), which vanishes for 
h=0, has the same sign for all other values of h between — y 
and +7. If this difference is positive, the function f(x) has a 
smaller value for x =c than for any value of 2 near c¢; it is said 
to have a minimum at that point. On the contrary, if the differ- 
ence f(c+h)—f(c) is negative, the function is said to have a 
maximum. 

If the function f(a) possesses a derivative for x =c, that deriva- 
tive must vanish. For the two quotients 


S(e+h) BINOR S(¢—h) hor 
h — ip 


each of which approaches the limit f'(c) when h approaches zero, have 
different signs ; hence their common limit f'(c) must be zero. Con- 
versely, let ¢ be a root of the equation f'(x) = 0 which lies between 
a and 6, and let us suppose, for the sake of generality, that the 
first derivative which does not vanish for x =c is that of order n, 
and that this derivative is continuous when x =c. Then Taylor’s 
series with a remainder, if we stop with n terms, gives 


Fe +2) —f0) =p Oe + HH), 


which may be written in the form 


HBG wd Oss DEO er = ld Oe) «ls 


where ¢« approaches zero with h. Let y be a positive number such 
that |f(c)| is greater than « when « les between ¢ — » and c+ 7. 
For such values of a, f™(c) +e has the same sign as f/™(c), and 
consequently f(¢ +h) —f(c) has the same sign as A*f™(c). If 
n is odd, it is clear that this difference changes sign with hf, and 
there is neither a maximum nor a minimum atzw=c. If 7 is even, 
f(c+h)—f(e) has the same sign as f(c), whether h be positive 
or negative; hence the function is a maximum if fc) is negative, 
and a minimum if fc) is positive. It follows that the necessary 
and sufficient condition that the function f(x) should have amaximum 
or a minimum for x =c is that the first derivative which does not 
vanish for x = ¢ should be of even order. 
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Geometrically, the preceding conditions mean that the tangent to 
the curve y = f(x) at the point A whose abscissa is ¢ must be par- 
allel to the axis of x, and moreover that the point A must not be 
a point of inflection. ; 


Notes. When the hypotheses which we have made are not satisfied 
the function f(x) may have a maximum or a minimum, although 
the derivative f'(x) does not vanish. If, for instance, the derivative 
is infinite for « =c, the function will have a maximum or a mini- 
mum if the derivative changes sign. Thus the function y = 2? is at 
a minimum for a = 0, and the corresponding curve has a cusp at the 
origin, the tangent being the y axis. 

When, as in the statement of the problem, the variable x is 
restricted to values which lie between two limits a and 4, it may 
happen that the function has its absolute maxima and minima pre- 
cisely at these limiting points, although the derivative f'(x) does 
not vanish there. Suppose, for instance, that we wished to find 
the shortest distance from a point P whose codrdinates are (a, 0) 
to a circle C whose equation is x7 + y?— R?= 0. Choosing for our 
independent variable the abscissa of a point M of the circle C, we 
find 


@= PM =(24—a)+y=e+y? —2ax +a, 
or, making use of the equation of the circle, 
a? = R27 — 2 an. 


The general rule would lead us to try to find the roots of the derived 
equation 2a = 0, which is absurd. But the paradox is explained if 
we observe that by the very nature of the problem the variable x 
must lie between — Rk and + R. If a is positive, d? has a minimum 
for « = R and a maximum for « = — R. : 


56. Extrema of functions of two variables. Let f(x, y) be a con- 
tinuous function of x and y when the point M, whose codrdinates 
are x and y, lies inside a region Q bounded by a contour C. The 
function f(x, y) is said to have an extremum at the point My (ap, y) 
of the region if a positive number y can be found such that the 
difference 


A=f(®o +h, Yo+ k) — i (las Yo)s 


which vanishes for h = k = 0, keeps the same sign for all other sets 
of values of the increments 2 and & which are each less than n in 
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absolute value. Considering y for the moment as constant and 
equal to yo, # becomes a function of the single variable x; and, by 
the above, the difference 


J (@o + hs Yo) —f (Go; Yo) 


cannot keep the same sign for small values of # unless the deriva- 
tive ¢f/0x vanishes at the point Mo. Likewise, the derivative Of /dy 
must vanish at 1); and it is apparent that the only possible sets of 
values of x and y which can render the function f(z, y) an extre- 
mum are to be found among the solutions of the two simultaneous 
equations 


Let x = %, y = y be a set of solutions of these two equations. 
We shall suppose that the second partial derivatives of f(a, y) do 
not all vanish simultaneously at the point M) whose codrdinates 
are (2, ¥), and that they, together with the third derivatives, are 
all continuous near M,. Then we have, from Taylor’s expansion, 3 


A = f (Xp oi, 2 Yo + k) (ps Yo) 
2 ne 2 
2 cyl h +21 FE ea) 


(23) mie OX. OY OY. 
Of ee ae 
ean s(n Bie lesaed cc 
6 oy m 
We can foresee that the expression 
(arf RE ee 
Te Ue roa Foe, + kh? bap 


will, in general, dominate the whole discussion. 

In order that there be an extremum at M) it is necessary and 
sufficient that the difference A should have the same sign when the 
point (a + h, % + k) lies anywhere inside a sufficiently small square 
drawn about the point M, as center, except at the center, where 
A=0. Hence A must also have the same sign when the point 
(ao + hy Yo + k) lies anywhere inside a sufficiently small circle whose 
center is M,; for such a square may always be replaced by its 
inscribed circle, and conversely. Then let C be a circle of radius 
r drawn about the point M, as center. All the points inside this 
circle are given by 


h=pcos¢, k=psind, 
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where ¢ is to vary from 0 to 277, and pfrom —r to+~7. We might, 
indeed, restrict p to positive values, but it is better in what follows 
not to introduce this restriction. Making this substitution, the 
expression for A becomes 


2 


3 
A =F (A cos? + 2 Bsin cos $ + Csin®$) + © L, 


where ; 
ae Gai 7: or Sais 
A ~ Oa2” Boe ie ssaaeayT & 


and where Z isa function whose extended expression it would be 
useless to write out, but which remains finite near the point (ao, yo). 
It now becomes necessary to distinguish several cases according to 
the sign of B? — AC. 


First case. Let B? —AC>0. Then the equation 
A cos?¢? + 2Bsin¢d cos¢+ C sin?’d =0 


has two real roots in tan ¢, and the first member is the difference 
of two squares. Hence we may write 


: 8 
A=" [a (a cos ¢ + bsin $)° — B(a'cos p + b'sin $)*] + GL, 


where 
a>0, fogeeale ab! — ba' + 0. 


If ¢ be given a value which satisfies the equation 
acos¢? + bsing =0, 


A will be negative for sufficiently small values of p; while, if d be 
such that a'cos¢ + b'sing = 0, A will be positive for infinitesimal 
values of p. Hence no number 7 can be found such that the differ- 
ence A has the same sign for any value of ¢ when p is less than 7. 
It follows that the function /(#, y) has neither a maximum nor a 
minimum for « = x, y = Y%. 


Second case. Let B?— AC<0. The expression 
A cos’ + 2 Bcos¢ sing + C sin?d 


cannot vanish for any value of ¢. Let m be a lower limit of its 
absolute value, and, moreover, let H be an upper limit of the abso- 
lute value of the function Z in a circle of radius R about (x, yo) as 
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center. Finally, let » denote a positive number less than R and less 
than 3m/H. Then inside a circle of radius 7 the difference A will 
have the same sign as the coefficient of p?, i.e. the same sign as A 
or C. Hence the function f(a, y) has either a maximum or a mini- 
mum for x = ao). y= Yo. ; 
To recapitulate, if at the point (a, yo) we have 
( er )- ine Sex 6 
O29 OYy Cuz Oy? g 


there is neither a maximum nora minimum. But if 


Gee eG 


Ain iane Pr ipa ye ’ 
OX) OYo Guy OY 


there is either a maximum or a minimum, depending on the sign of 
the two derivatives @’f/0a}, of/dy;. There is a maximum if these 
derivatives are negative, a minimum if they are positive. 


57. The ambiguous case. The case where B? — AC = 0 is not cov- 
ered by the preceding discussion. The geometrical interpretation 
shows why there should be difficulty in this case. Let S be the 
surface represented by the equation z= f(a, y). If the function 
F(x, y) has a maximum or a minimum at the point (x, yo), near 
which the function and its derivatives are continuous, we must have 

Sf Teo) 
Oat, OY 


which shows that the tangent plane to the surface S at the point 
M,, whose coérdinates are (2%, %, 2), must be parallel to the xy 
plane. In order that there should be a maximum or a minimum it 
is also necessary that the surface S, near the point M), should lie 
entirely on one side of the tangent plane; hence we are led to study 
the behavior of a surface with respect to its tangent plane near the 
point of tangency. 

Let us suppose that the point of tangency has been moved to the 
origin and that the tangent plane is the xy plane. Then the equa- 
tion of the surface is of the form 


(24) z=a0?+ 2bay+cy?+ax>+3 Bay +3 yxy? + dy’, 


where a, 6, c are constants, and where a, B, y, 5 are functions of x 
and y which remain finite when x and y approach zero. This equa- 
tion is essentially the same as equation (19), where x and y have 
been replaced by zeros, and h and & by x and y, respectively. 
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In order to see whether or not the surface S lies entirely on 
one side of the xy plane near the origin, it is sufficient to study the 
section of the surface by that plane. This section is given by the 
equation 


(25) ax’ + 2bayt+ey+anz?+---=0; 


hence it has a double point at the origin of coérdinates. If 6? — ae 
is negative, the origin is an isolated double point (§ 53), and the 
equation (25) has no solution except «= y=0, when the point 
(x, y) lies inside a circle C of sufficiently small radius 7 drawn 
about the origin as center. The left-hand side of the equation (25) 
keeps the same sign as long as the point (#, y) remains inside this 
circle, and all the points of the surface S which project into the 
interior of the circle C are on the same side of the xy plane except 
the origin itself. In this case there is an extremum, and the por- 
tion of the surface S near the origin resembles a portion of a sphere 
or an ellipsoid. 

If 4?— ac >0, the intersection of the surface S by its tangent 
plane has two distinct branches C,, C, which pass through the 
origin, and the tangents to these two branches are given by the 
equation 

ax*+ 2bxy+ cy’ = 0. 

Let the point (a, y) be allowed to move about in the neighborhood 
of the origin. As it crosses either of the two branches C,, C2, the 
left-hand side of the equation (25) vanishes and changes sign. 
Hence, assigning to each region of the plane in the neighborhood 
of the origin the sign of the left-hand side of the equation (25), we 
find a configuration similar to Fig. 7. Among the points of the 
surface which project into points inside a circle about the origin in 

CO, Y the xy plane there are always some which 
lie below and some which lie above the 
xy plane, no matter how small the circle 
be taken. The general aspect of the sur- 
face at this point with respect to its tan- 
gent plane resembles that of an unparted 
hyperboloid or an hyperbolic paraboloid. 
The function f(a, y) has neither a maxi- 

Fra. 7 mum nor a minimum at the origin. 

The case where ?— ac =0 is the case in which the curve of 
intersection of the surface by its tangent plane has a cusp at the 
origin. We will postpone the detailed discussion of this case. If the 
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intersection is composed of two distinct branches through the origin, 
there can be no extremum, for the surface again cuts the tangent 
plane. If the origin is an isolated double point, the function f(a, y) 
has an extremum for « =y=0. It may also happen that the inter- 
section of the surface with its tangent plane is composed of two 
coincident branches. For example, the surface 2 = y?— 2a?2y + «' 
is tangent to the plane z = 0 all along the parabola y=a2 The 
function y? — 2 ~?y + «* is zero at every point on this parabola, but is 
positive for all points near the origin which are not on the parabola. 


58. In order to see which of these cases holds in a given example it is neces- 
sary to take into account the derivatives of the third and fourth orders, and some- 
times derivatives of still higher order. The following discussion, which is usually 
sufficient in practice, is applicable only in the most general cases. When 
b? — ac = 0 the equation of the surface may be written in the following form 
by using Taylor’s development to terms of the fourth order: 


ati Ze 


1 
26 z2=f(«, y) =A (esinw — ycosw)? ait —(z 
(26) F(z, ¥) (csinw — ycosw)? + $3 ( n+a( an Yay ) ee 


Let us suppose, for definiteness, that A is positive. In order that the surface S 
should lie entirely on one side of the zy plane near the origin, it is necessary that 
all the curves of intersection of the surface by planes through the z axis should 
lie on the same side of the zy plane near the origin. But if the surface be cut 


by the secant plane 
y =xtan ¢, 


the equation of the curve of intersection is found by making the substitution 
v= pcos®, y= psing 


in the equation (26), the new axes being the old z axis and the trace of the secant 
plane on the zy plane. Performing this operation, we find 


z= Ap? (cos ¢sin w — coswsin ¢)? + K p? + Lp, 


where K is independent of p. If tanw z tan ¢, 2 is positive for safficiently small 
values of p; hence all the corresponding sections lie above the zy plane near the 
origin. Let us now cut the surface by the plane 


y=ertanw. 
If the corresponding value of K is not zero, the development of z is of the form 
(2 — oz (ke + €) 


and changes sign with p. Hence the section of the surface by this plane has a 
point of inflection at the origin and crosses the wy plane. It follows that the 
function f(z, y) has neither a maximum nor a minimum at the origin. Such is 
the case when the section of the surface by its tangent plane has a cusp of the 
first kind, for instance, for the surface 


2=y2 — 2. 
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If K =0 for the latter substitution, we would carry the development out to 

terms of the fourth order, and we would obtain an expression of the form 

z2=p\(Ki +), 

where Ky is a constant which may be readily calculated from the derivatives of 
the fourth order. We shall suppose that Ky is not zero. For infinitesimal val- 
ues of p, z has the same sign as J,; if Ky is negative, the section in question lies 
beneath the zy plane near the origin, and again there is neither a maximum nor 
a minimum. Such is the case, for example, for the surface z = y? — x4, whose 
intersection with the zy plane consists of the two parabolas y= + a7. Hence, 
unless K = 0 and K,>0 at the same time, it is evidently useless to carry the 
investigation farther, for we may conclude at once that the surface crosses its 
tangent plane near the origin. 

But if K =0 and K,>0 at the same time, all the sections made by planes 
through the z axis lie above the zy plane near the origin. But that does not 
show conclusively that the surface does not cross its tangent plane, as is seen 
by considering the particular surface 


z= (y — 2) (y — 22), 


which cuts its tangent plane in two parabolas, one of which lies inside the other. 
In order that the surface should not cross its tangent plane it is also necessary 
that the section of the surface made by any cylinder whatever which passes 
through the z axis should lie wholly above the zy plane. Let y= (x) be the 
equation of the trace of this cylinder upon the zy plane, where ¢ (x) vanishes for 
x=0. The function F(x) = f[x, ¢()] must be at a minimum for z = 0, what- 
ever be the function ¢(x). In order to simplify the calculation we will suppose 
that the axes have been so chosen that the equation of the surface is of the form 


z= Ay? + g3(%, y) +---, 
where A is positive. With this system of axes we have 


of of 02 62 2 
—=0, —=-+0, io. ra Chery: 
0X0 Yo 0x2 0X0 OYo oy? 
at the origin. 
The derivatives of the function F(x) are given by the formule 


r@=Zy 2 yy, 


oy 
FY (2) = a ree @+ Feta + Lore 
Pa = sew e+ swe + Sloe) 
ee 3 re wor + ae 
+ vee #” (t) +12 0" +6 7, gry” 
; +4 y (a) + a 
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from which, for « = y = 0, we obtain 
7 47 oO / 
FQ) =0,  F"0) =A Te OP. 
Yo) 


If (0) does not vanish, the function F(x) has a minimum, as is also apparent 
from the previous discussion. But if ¢’(0) = 0, we find the formule 


F(0)=0, F’(0)=0, F”(0)= as 


0 
PY (0) = et Oa 


o(0) + 3 y 2 OF 
lence, in order that F(x) be at a minimun, it is necessary that 0°f/éa3 vanish 


and that the following quadratic form in ¢’’(0), 
4 
eee oo 


apd 
OX 025, OY 


#70) $853 [9"O)E 


be positive for all values of ¢’’(0). 

It is easy to show that these conditions are not satisfied for the above function 
zZ=y?—32xy + 2x4, but that they are satisfied for the function z = y?2 + 24. 
It is evident, in fact, that the latter surface lies entirely above the ay plane. 

We shall not attempt to carry the discussion farther, for it requires extremely 
nice reasoning to render it absolutely rigorous. The reader who wishes to exam- 
ine the subject in greater detail is referred to an important memoir by Ludwig 
Scheffer, in Vol. XX XV of the Mathematische Annalen. 


59. Functions of three variables. Let wu = f(z, y, 2) be a continuous 
function of the three variables x, y, z Then, as before, this func- 
tion is said to have an extremum (maximum or minimum) for a set 
of values 2, Y%, 2% if a positive number y can be found so small 
that the difference 


4 = f (Xo +h, yy +h, % + l) — f (Xp; Yos %o)s 


which vanishes for h = k =/ =0, has the same sign for all other 
sets of values of h, k, J, each of which is less in absolute value 
than y. If only one of the variables a, y, z is given an increment, 
while the other two are regarded as constants, we find, as above, 
that « cannot be at an extremum unless the equations 


Ray NG Salma he 


i 0, saat 7) 5 


=0 


are all satisfied, provided, of course, that these derivatives are con- 
tinuous near the point (2, Y%, %). Let us now suppose that x, y%, % 
are a set of solutions of these equations, and let M, be the point 
whose coérdinates are 2, Y, %. There will be an extremum if a 
sphere can be drawn about M,so small that f(a, y, 2) — fo Yoy %) 
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has the same sign for all points (a, y, 2) except M) inside the sphere. 
Let the coédrdinates of a neighboring point be represented by the 
equations 

L = Ly + pa, Y =% + pb; z= % + py 


where a, B, y satisfy the relation a? + 8? + y’? = 1; and let us replace 
XL — Lo Y¥ — Yo) ¥ — % in Taylor’s expansion of f(a, y, 2) by pa, pB, 
py, Tespectively. This gives the following expression for A: 


A= pL (@, 2, yor pL], 


where (a, B, y) denotes a quadratic form in a, B, y whose coefti- 
cients are the second derivatives of f(x, y, #), and where Z is a 
function which remains finite near the point M). The quadratic 
form may be expressed as the sum of the squares of three distinct 
linear functions of a, B, y, say P, P', P", multiphed by certain con- 
stant factors a, a', w', except in the particular case when the dis- 
criminant of the form is zero. Hence we may write, in general, 


$(a By) = aP* +) P!? + a" Pp", 


where a, a’, a" are all different from zero. If the coefficients a, a', a! 
have the same sign, the absolute value of the quadratic form ¢ will 
remain greater than a certain lower limit when the point a, B, y 
describes the sphere 

Ga se te yi, 


and accordingly A has the same sign as a, a!, a'' when p is less than 
a certain number. Hence the function f(a, y, 2) has an extremum. 

If the three coefficients a, a’, a'' do not all have the same sign, 
there will be neither a maximum nor a minimum. Suppose, for 
example, that a >0, a'< 0, and let us take values of a, B, y which 
satisfy the equations P'=0, P'’=0. These values cannot cause P 
to vanish, and A will be positive for small values of p. But if, on 
the other hand, values be taken for a, 8, y which satisfy the equa- 
tions P= 0, P= 0, A will be negative for small values of p. 

The method is the same for any number of independent variables : 
the discussion of a certain quadratic form always plays the prin- 
cipal role. In the case of a function w= f(a, y, z) of only three 
independent variables it may be noticed that the discussion is 
equivalent to the discussion of the nature of a surface near a singu- 
lar point. For consider a surface = whose equation is 


F(a, Y; 2) =f(@, Y 2) — f(&o; Yo» z) im 0; 
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this surface evidently passes through the point M, whose coordi- 
nates are (2, Y, %), and if the function f(a, y, z) has an extremum 
there, the point M) is a singular point of 3. Hence, if the cone of 
tangents at Mp is imaginary, it is clear that F(a, y, z) will keep the 
same sign inside a sufficiently small sphere about M, as center, and 
J (&, y, %) will surely have a maximum or a minimum. But if the 
cone of tangents is real, or is composed of two real distinct planes, 
several nappes of the surface pass through M,, and F(z, y, 2) 
changes sign as the point (#, y, 2) crosses one of these nappes. 


60. Distance from a point to a surface. Let us try to find the maximum and the 
minimum values of the distance from a fixed point (a, b, c) to a surface S whose 
equation is F(a, y, 2) = 0. The square of this distance, 

u = B= (a — a)? + (y—d) + (2 —0)%, 
is a function of two independent variables only, — x and y, for example, if z be 
considered as a function of x and y defined by the equation F=0. In order 
that w be at an extremum for a point (a, y, z) of the surface, we must have, for 
the codrdinates of that point, 


Oz 
-—= = — ———105 
pe a Mee) 
DUO ee a = Gh a0: 
y oy 


We find, in addition, from the equation F = 0, the relations 
OH Noun CH Orn? 
— +— — =0, == Fp SS SY 
ox 0z OX oy oz oY 
whence the preceding equations take the form 
Z—-a y—b z-Cc 
OR RO ok, 
0x oy 0z 


This shows that the normal to the surface S at the point (x, y, z) passes through 
the point (a,b,c). Hence, omitting the singular points of the surface S, the 
points sought for are the feet of normals let fall from the point (a, 6, c) upon the 
surface S. In order to’see whether such a point actually corresponds to a maxi- 
mum or to a minimum, let us take the point as origin and the tangent plane as 
the zy plane, so that the given point shall lie upon the axis of z. Then the func- 
tion to be studied has the form 
U =e? + y? + (z—C)?, 

where z is a function of x and y which, together with both its first derivatives, 
vanishes forz = y=0. Denoting the second partial derivatives of z by 7, s, 1, 
we have, at the origin, 

2 2 Ou 

POY — Cr), get 2 cs —=2(1—¢0), 

0a? 0x OY oy? 


128 LAYLOR’S SERIES [UII, § 61 


and it only remains to study the polynomial 
A (c) = c2s? — (1 — er) (1 — ct) = c? (8? — rt) + (r+t)e—1. 


The roots of the equation A(c) = 0 are always real by virtue of the identity 
(r + t)? + 4 (s? — rt) = 482+ (r—1t)?. There are now several cases which must 
be distinguished according to the sign of s? — rt. 


First case. Let s2— rt <0. The two roots c, and Cz of the equation A(c) = 0 
have the same sign, and we may write A(c) = (s? — rt) (c — 1) (c — cz). Let us 
now mark the two points A; and Ag of the z axis whose coérdinates are c, and Cz. 
These two points lie on the same side of the origin; and if we suppose, as is 
always allowable, that r and ¢ are positive, they lie on the positive part of the 
z axis. If the given point A (0, 0, c) lies outside the segment A;Az2, A(c) is 
negative, and the distance OA isa maximum or a minimum. In order to see 
which of the two it is we must consider the sign of 1—cr. This coefficient 
does not vanish except when c=1/r; and this value of ¢ lies between c, and cg, 
since A(1/r) =s?/r?. But, for c= 0, 1 — er is positive ; hence 1 — cr is posi- 
tive, and the distance OA is a minimum if the point A and the origin lie on 
the same side of the segment A;Ag. On the other hand, the distance OA is a 
maximum if the point A and the origin lie on different sides of that segment. 
When the point A lies between A; and Ae the distance is neither a minimum 
nor a maximum. The case where A lies at one of the points Ay, Ag is left in 
doubt. 


Second case. Let s?—7rt >0. One of the two roots cy and cg of A(c) = 0 is 
positive and the other is negative, and the origin lies between the two points 
A, and Az. If the point A does not lie between A; and Ag, A(c) is positive 
and there is neither a maximum nor a minimum. If A lies between A; and 
Ag, A(c) is negative, 1 — cr is positive, and hence the distance OA isa minimum. 


Third case. Let s*—7t=0. Then A(c) = (r+t)(e—c), and it is easily 
seen, as above, that the distance OA is a minimum if the point A and the origin 
lie on the same side of the point Ai, whose codrdinates are (0, 0, cx), and that 
there is neither a maximum nor a minimum if the point A, lies between the point 
A and the origin. 


The points A; and A, are of fundamental importance in the study of curva- 
ture; they are the principal centers of curvature of the surface S at the point O. 


61. Maxima and minima of implicit functions. We often need to find 
the maxima and minima of a function of several variables which 
are connected by one or more relations. Let us consider, for 
example, a function » = f(x, y, z, w) of the four variables 2, y, 2, u, 
which themselves satisfy the two equations 


Ai (a, Y *%, u)=0, Sr(@, Y; 2; u) = 0. 


For definiteness, let us think of 2 and y as the independent vari- 
ables, and of z and wu as functions of a and y defined by these equa- 
tions. Then the necessary conditions that w have an extremum are 
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Of Of d2 , Ofdu_, Of af de | af au 


dx ' Gz On | Ou du’ Oy Oz by Ou dy ” 


and the partial derivatives dz /0x, du / 0m, dz / dy, Ou / dy are given 
by the relations 


Of, , Of 02 Of, 8% _ 6 Ofy Ofy Ox | Of, Ou 
On Oz On Ou Ox : Oc =z Ou Ou Ox 
Of an Anu. Oh, Ae, Bf Ou _ 
Oy Oz dy ' Ou by : Cy Ox Cy Onoy 


=), 


The elimination of 0z/0x, 0u/0x, dz /dy, u/dy leads to the new 
equations of condition 


Df furde) _ Df Fu do) _ 
(27) D(x, a u) SNe Diy; 2, u) tue 


which, together with the relations f, = 0, f, = 0, determine the val- 
ues of x, y, 2,u, which may correspond to extrema. But the equa- 
tions (27) express the condition that we can find values of A and pu 
which satisfy the equations 


Cig eee ltemn Ola OF rin Olas 
bss erase en s = SN te a0, 

Opa Save Mc Lares OTe Olin eg 

Pee Ge. wie Ah Gus ee Gua ae uO 


hence the two equations (27) may be replaced by the four equations 
(28), where \ and » are unknown auxiliary functions. 

The proof of the general theorem is self-evident, and we may 
state the following practical rule: 


Given a function 


f (By Lay °- +) Bp) 
of n variables, connected by h distinct relations 
fi = 9, dp: = 0, ae) b, = 9; 
in order to find the values of 21, %, +++, &, which may render this 


function an extremum we must equate to zero the partial derivatives 
of the auxiliary function 


f+ udgi te + Midis 


regarding X41, Az, +++, A, US constants. 
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62. Another example. We shall now take up another example, where the mini- 
mum is not necessarily given by equating the partial derivatives to zero. Given 
a triangle ABC; let us try to find a point P of the plane for which the sum 
PA+PB+ PC of the distances from P to the vertices of the triangle is a 
minimum. Let (a1, 1), (G2, bz), (ds, 03) be respectively the coordinates of the 
vertices A, B, C referred to a system of rectangular coérdinates. Then the func- 
tion whose minimum is sought is 


(29) 2= V(x — a)? + (y — bi)? + V(@ — aa)? + (y — ba)? + V (x — as)? + (y — bs), 


where each of the three radicals is to be taken with the positive sign. This equa- 
tion (29) represents a surface S which is evidently entirely above the xy plane, 
and the whole question reduces to that of finding the point on this surface which 
is nearest the zy plane. From the relation (29) we find 


ae ~— ay <7 wv — ae iy L— az 
ee Ve — ay? t+ (y— bi)? Vie—aa?+Y—bay? V(@ — a9)? + (y — bs)? 
Oz _ Oy a y — be n y — bs ? 
oy V(x =P = ye V(a — 2)? + (y — be)? V (a — a3)? + (y — bs)? 


and it is evident that these derivatives are continuous, except in the neighbor- 
hood of the points A, B, C, where they become indeterminate. The surface S, 
therefore, has three singular points which project into the vertices of the given 
triangle. The minimum of z is given by a point on the surface where the tan- 
gent plane is parallel to the zy plane, or else by one of these singular points. In 
order to solve the equations 0z/d%—0, oz/dy = 0, let us write them in the 
form 


~T—a mn ev — Ag = cv — ag 

exits Bae eee 

V(@ — ay)? + (y— 1)? V(a@ — ay)? + (y — bo)? = V(@ — ag)? + (y — bs)? 
y—h y — be y — bs 


+ =_— . 
V(@ = ay)? + (y — bi)? V(@ = ag)? + (y — be)? V (« — a)? + (y — 05)? 
Then squaring and adding, we find the condition 
(% — a) (% — ae) + (Y — bi) (y — be) a 
V (@ — a1)? + (y — br)? V(@ = aig)? + (y — bo) 


The geometrical interpretation of this result is easy: denoting by @ and £ the 
cosines of the angles which the direction PA makes with the axes of 2 and y, 
respectively, and by a’ and pf” the cosines of the angles which PB makes with the 
same axes, we may write this last condition in the form 


1+ 2(aa’ + Bp’) = 0, 
or, denoting the angle APB by w, 


142 


2cosw+t1=0. 


Hence the condition in question expresses that the segment AB subtends an 
angle of 120° at the point P. For the same reason each of the angles BPC and 
CPA must be 120°.* It is clear that the point P must lie inside the triangle 


— 


* The reader is urged to draw the figure. 
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ABC, and that there is no point which possesses the required property if any 
angle of the triangle ABC is equal to or greater than 120°. In case none of the 
angles is as great as 120°, the point P is uniquely determined by an easy con- 
struction, as the intersection of two circles. In this case the minimum is given 
by the point P or by one of the vertices of the triangle. But it is easy to show 
that the sum PA + PB + PC is less than the sum of two of the sides of the tri- 
angle. For, since the angles APB and APC are each 120°, we find, from the 
two triangles PAC and PBA, the formule 


AB= Va? + b? +4 ab, AC=Va?+c+ a0, 
where PA =a, PB=b, PC=c. But it is evident that 


Vai + P+ ab>d+5, Vai ++ ac > e+ 5, 


and hence 
AB+AC>a+b+4c. 
The point P therefore actually corresponds to a minimum. 

When one of the angles of the triangle ABC is equal to or greater than 120° 
there exists no point at which each of the sides of the triangle 4 BC subtends an 
angle of 120°, and hence the surface S has no tangent plane which is parallel to 
the zy plane. In this case the minimum must be given by one of the vertices of 
the triangle, and it is evident, in fact, that this is the vertex of the obtuse angle. 
It is easy to verify this fact geometrically. 


63. D’Alembert’s theorem. Let F(x, y) be a polynomial in the two variables 
x and y arranged into homogeneous groups of ascending order 


F(t, y) =H + $p(%, ¥) + bp41(%, Y) +++ + Om(%, Y), 


where H is a constant. If the equation ¢, (x, y) = 0, considered as an equation 
in y/z, hasasimple root, the function F(x, y) cannot have a maxinium or a mini- 
mum forzg=y=0. For it results from the discussion above that there exist sec- 
tions of the surface z+ H = F(a, y) made by planes through the z axis, some 
of which lie above the zy plane and others below it near the origin. From this 
remark a demonstration of d’Alembert’s theorem may be deduced. For, let f(z) 
be an integral polynomial of degree m, 


F (2) = Ag+ Ayz+ Aoz?+---4+ Alp 


where the coefficients are entirely arbitrary. In order to separate the real and 
i auginary parts let us write this in the form 


f(& + ty) = ao + tbo + (ay + iby) (@ + ty) + +++ + (Gm + thm) (&@ + ty)”, 
where do, 0; @1, 01, °+*) Gm, Dm are real. We have then 
{@O=P+ iQ 
where P and Q have the following meanings: 
P=aot+ qx —dyy+--:, 
Q = bo + Dye + AY +-°°5 


and hence, finally, 


ea(2) = VeR ee Q2- 
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We will first show that |f(z)|, or, what amounts to the same thing, that 
P2 + Q, cannot be at a minimum for « = y = 0 except when a) =)9 = 0. For 
this purpose we shall introduce polar coérdinates p and ¢, and we shall suppose, 
for the sake of generality, that the first coefficient after Ay which does not 
vanish is Ap. ‘Then we may write the equations 


P= ao + (Ap COS pp = dp sin pp) p? fers, 
Q = bo + (bp COS ph + Gy Sin pd) pP +°+--, 
P24 Q@=a@ + 242 pP[(doap + bobp) cos pp + (body — Aobp) Sin pd] +---, 


where the terms not written down are of degree higher than p with respect to p. 
But the equation 


(40 Ap + body) cos pp + (bo Ap — Aobp) Sin pd = 0 


gives tanp¢ = K, which determines p straight lines which are separated by 
angles each equal to 27/p. It is therefore impossible by the above remark that 
P2 + Q? should have a minimum for « = y = 0 unless the quantities 


Ao Ap a bodps bo Ap —_ do bp 


both vanish. But, since a? + 07 is not zero, this would require that a = bp = 0; 
that is, that the real and the imaginary parts of f(z) should both vanish at the 
origin. 

If | f(z) | has a minimum for ¢ = a, y = B, the discussion may be reduced to 
the preceding by setting z=a@+i8+2z’. It follows that |f(z)| cannot be at a 
minimum unless P and Q vanish separately forz= a, y= 8. 

The absolute value of f(z) must pass through a minimum for at least one 
value of z, for it increases indefinitely as the absolute value of z increases indefi- 
nitely. In fact, we have 


P24 Q = (a2, + d2)p2™4.-., 


where the terms omitted are of degree less than 2m inp. This equation may be 
written in the form 


VP? + @ = p™(y/a2 +02 +6), 


where e approaches zero as p increases indefinitely. Hence a circle may be 
drawn whose radius R is so large that the value of V P2 + Q? is greater at every 
point of the circumference than it is at the origin, for example. It follows that 
there is at least one point 


T= a, y=8 


inside this circle for which VP? + Q?is ata minimum. By the above it fol- 
lows that the point «= a, y= is a point of intersection of the two curves 
P=0, Q=0, which amounts to saying that z = @ + Bi is a root of the equation 
f(2) =0. 

In this example, as in the preceding, we have assumed that a function of the 
two variables « and y which is continuous in the interior of a limited region 
actually assumes a minimum value inside or on the boundary of that region. 
This is a statement which will be readily granted, and, moreover, it will be 
rigorously demonstrated a little later (Chapter VI). 
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EXERCISES 


1. Show that the number 6, which occurs in Lagrange’s form of the re- 
mainder, approaches the limit 1/(n + 2) as h approaches zero, provided that 
f@+2(a) is not zero, 


2. Let F(x) be a determinant of order n, all of whose elements are functions 
of x Show that the derivative F’(x) is the sum of the n determinants obtained 
by replacing, successively, all of the elements of a single line by their deriva- 
tives. State the corresponding theorem for derivatives of higher order. 


3. Find the maximum and the minimum values of the distance from a fixed 
point to a plane or a skew curve ; between two variable points on two curves ; 
between two variable points on two surfaces. 


4, The points of a surface S for which the sum of the squares of the dis- 
tances from n fixed points is an extremum are the feet of the normals let fall 
upon the surface from the center of mean distances of the given n fixed points. 


5. Of all the quadrilaterals which can be formed from four given sides, that 
which is inscriptible in a circle has the greatest area. State the analogous 
theorem for polygons of n sides. 


6. Find the maximum volume of a rectangular parallelopiped inscribed in 
an ellipsoid. 


7. Find the axes of a central quadric from the consideration that the vertices 
are the points from which the distance to the center is an extremum. 


8. Solve the analogous problem for the axes of a central section of an ellipsoid. 


9. Find the ellipse of minimum area which passes through the three vertices 
of a given triangle, and the ellipsoid of minimum yolume which passes through 
the four vertices of a given tetrahedron. 


10. Find the point from which the sum of the distances to two given straight 


lines and the distance to a given point is a minimum. 
[JosprH BERTRAND. | 
11. Prove the following formule : 


log (w + 2) = 2 log (w + 1) — 2 log (@ — 1) + log (a — 2) 


42 2, ie 2, me 2 ae 
e—3e 3\e2—S82 5\e8 — 3a Y 


[Borpa’s Series. ] 


log (x + 5) = log (x + 4) + log(x + 3) — 2 loga 
+ log (x — 8) + log(x — 4) — log (a — 5) 


72 1 72 3 
— 9) = pod {lh 
soe +3(a-mare) i 


[ Hano’s Series. ] 


CHAPTER IV 


DEFINITE INTEGRALS 


I. SPECIAL METHODS OF QUADRATURE 


64. Quadrature of the parabola. The determination of the area 
bounded by a plane curve is a problem which has always engaged 
the genius of geometricians. Among the examples which have 
come down to us from the ancients one of the most celebrated is 
Archimedes’ quadrature. of the parabola. We shall proceed to 
indicate his method. 

Let us try to find the area bounded by the are ACB of a parabola 
and the chord AB. Draw the diameter CD, joining the middle 
point D of AB to the point C, where the tangent is parallel to AB. 
Connect AC and BC, and let E and E' be the points where the 
tangent is parallel to BC and 
AC, respectively. We shall 
first compare the area of the 
triangle BEC, for instance, 
with that of the triangle 4 BC. 
Draw the tangent ET, which 
cuts CD at T. Draw the diam- 
eter EF, which cuts CB at F; 
and, finally, draw EK and FH 
parallel to the chord AB. By 
an elementary property of the 
parabola TC=CK. Moreover, 
CT = EF = KH,. and hence 
EF=CH/2=CD/4. The 

Fic. 8 areas of the two triangles BCE 

and BCD, since they have the 

same base BC, are to each other as their altitudes, or as EF is 
to CD. Hence the area of the triangle BCE is one fourth the area 
of the triangle BCD, or one eighth of the area S of the triangle 4 BC. 
The area of the triangle 4CZ' is evidently the same. Carrying out 
the same process upon each of the chords BE, CE, CE', E'A, we 

134 
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obtain four new triangles, the area of each of which is S$ /8*, and so 
forth. The nth operation gives rise to 2” triangles, each having the 
area S/8”. The area of the segment of the parabola is evidently 
the limit approached by the sum of the areas of all these triangles 
as n increases indefinitely ; that is, the sum of the following descend- 
ing geometrical progression : 


S 
FE re 


Sans: 

Seri it a Bp ape 
and this sum is 48/3. It follows that the required area is equal to 
two thirds of the area of a parallelogram whose sides are AB and CD. 

Although this method possesses admirable ingenuity, it must be 
admitted that its success depends essentially upon certain special 
properties of the parabola, and that it is lacking in generality. The 
other examples of quadratures which we might quote from ancient 
writers would only go to corroborate this remark: each new curve 
required some new device. But whatever the device, the area to be 
evaluated was always split up into elements the number of which 
was made to increase indefinitely, and it was necessary to evaluate 
the limit of the sum of these partial areas. Omitting any further 
particular cases,* we will proceed at once to give a general method 
of subdivision, which will lead us naturally to the Integral Calculus. 


65. General method. For the sake of definiteness, let us try to 
evaluate the area S bounded by a curvilinear arc AMB, an axis xz! 
which does not cut that arc, and two perpendiculars 4A, and BB, let 
fall upon xz' from y 
the points A and B. 
We will suppose 
further that a par- 
allel to these lines 
AA,, BB, cannot 
cut the arc in more 
than one point, as 
indicated in Fig. 9. 
Let us divide the segment A,B, into a certain number of equal or 
unequal parts by the points P,, P.,---, P,-,, and through these 
points let us draw lines P,Q,, P,Q2, ---, P,_1Q,-1 parallel to 4A, 
and meeting the are AB in the points Q,, Q:, ---, Q,_1, respectively. 


vO: Ay P, P, Pia P; 
Fic. 9 


P, mB 0 x 


* A large number of examples of determinations of areas, arcs, and volumes by 
the methods of ancient writers are to be found in Duhamel’s Traité. 
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Now draw through A a line parallel to xa, cutting P,Q, at q; 
through Q, a parallel to xz’, cutting P,Q, at g.; and so on. We 
obtain in this way a sequence of rectangles R,, Re, ---, KR, ---, Ry. 
Each of these rectangles may lie entirely inside the contour ABB) Ao, 
but some of them may lie partially outside that contour, as is 
indicated in the figure. 

Let a, denote the area of the rectangle R;, and B,; the area bounded 
by the contour P;_,P;@;Q;_;. In the first place, each of the ratios 
Bi/%, Bo/ a2, ---, B;/a;, +++ approaches unity as the number of 
points of division increases indefinitely, if at the same time each 
of the distances A,P,, Pi P., --+, P;1 Py approaches zero. For 
the ratio 6; /a;, for example, evidently lies between /;/P;_, Q;_, and 
L,/P;-,Q;-1, where 1; and L; are respectively the mimimum and the 
maximum distances from a point of the are Q;_, Q; to the axis az’, 
But it is clear that these two fractions each approach unity as the 
distance P;_,P, approaches zero. It therefore follows that the ratio 


Ci Walid al haat a 
Bist Cash chicas. 


which lies between the largest and the least of the ratios a; /f,, 
a / Bo, *++, &,/B,, will also approach unity as the number of the 
rectangles is thus indefinitely increased. But the denominator of 
this ratio is constant and is equal to the required area S. Hence 
this area is also equal to the hmit of the sum a, + a, +---+a,, as 
the number of rectangles n is indefinitely increased in the manner 
specified above. 

In order to deduce from this result an analytical expression for 
the area, let the curve AB be referred to a system of rectangular 
axes, the @ axis Ox coinciding with xz’, and let y= f(a) be the 
equation of the curve 4B. The function f(a) is, by hypothesis, a 
continuous function of x between the limits a and 4, the abscisse 


of the points A and B. Denoting by x, 2, ---, 2,_, the abscisse 
of the points of division P,, P.,---, P,,_,, the bases of the above 
rectangles are x; — a, %, — %,---, %; — %;_,-+:,6 — a,_,, and their 


altitudes are, in like manner, f(a), f(a), «++, f(@1)) °°", F Oz =a) 
Hence the area S is equal to the limit of the following sum: 


dd) @—a)f(a) + (@, — %)f(@)) +--+ (6— Ly —1) Ff (Ln—1) 


as the number » increases indefinitely in such a way that each of 
the differences a, — a, x, — 2, --- approaches zero. 
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66. Examples. If the base 4B be divided into n equal parts, each 
of length 4 (6 —a=nh), all the rectangles have the same base h, 
and their altitudes are, respectively, 


S(@), f(a+h), f(at+2h), ---, fla+(n—1)h]. 
It only remains to find the limit of the sum 


ARPA) TF ath)+ fat 2h)+---+f[at (n— Ih}, 


where 


as the integer m increases indefinitely. This calculation becomes 
easy if we know how to find the sum of a set of values f(x) corre- 
sponding to a set of values of # which form an arithmetic progres- 
sion; such is the case if f(a) is simply an integral power of 2, or, 
again, if f(@) = sinmz or f(#) = cosma, ete. 

Let us reconsider, for example, the parabola x? = 2 py, and let us try 
to find the area enclosed by an are OA of this parabola, the axis of 2, 
and the straight line « = a which passes through the extremity A. 
The length being divided into n equal parts of length h (nh = a), we 
must try to find by the above the limit of the sum 


he 2 2 re ete Hee Pi ees [a 
pp ae rae ee ae ee Let 


The quantity inside the parenthesis is the sum of the squares of the 
first (n — 1) integers, that is, n(n — 1)(2n —1)/6; and hence the 
foregoing sum is equal to 


n(n —1)(2n —1) 3 
12 pn? oe 


As n increases indefinitely this sum evidently approaches the limit 
a? /6p =(1/3)(a. a*/2>p), or one third of the rectangle constructed 
upon the two coordinates of the point A, which is in harmony with 
the result found above. 

In other cases, as in the following example, which is due to 
Fermat, it is better to choose as points of division points whose 
abscisse are in geometric progression. 

Let us try to find the area enclosed by the curve y = Az, the 
axis of x, and the two straight lines « = a,x = b (0<a<b), where 
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the exponent » is arbitrary. In order to do so let us insert between 
a and 6, n — 1 geometric means so as to obtain the sequence 


a alta) ai+ta)y, 40 per, 6, 


where the number a satisfies the condition a(1+a)"*=0b. Tak- 
ing this set of numbers as the abscisse of the points of division, the 
corresponding ordinates have, respectively, the following values: 


Aor, dee lat, Adak deta eee, 
and the area of the pth rectangle is 
[a(l+a)?—a(1.+a)?—"] Aa (1+ a) @-* = Aat*a(1+ ae DED, 
Hence the sum of the areas of all the rectangles is 
Aa efi + + att (1 4 a)POt+ 2. 4 (1 4 a)@—DO+D7, 


If » +1 is not zero, as we shall suppose first, the sum inside the 
parenthesis is equal to 
(1 ae ae a) ? 
Ca eS aa 


or, replacing a(1 + a)” by 4, the original sum may be written in the 


form 
a 


— ql 5 
M papi 


A (+1 


As a approaches zero the quotient [(1+ a)**+!— 1]/a approaches 
as its limit the derivative of (1 + @)“+! with respect to a for a=0, 
that is, 4+ 1; hence the required area is 


A (bt +1 — git *2) 


Poe 


If » =—1, this calculation no longer applies. The sum of the 
areas of the inscribed rectangles is equal to nda, and we have to 
find the limit of the product na where ~ and a@ are connected by the 
relation 

a(1 + a)” = i} 


From this it follows that 


nee a Nea if 
~alog(1+a) emmae Ss ss 


a log(1 + ee 


na = 1 
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where the symbol log denotes the Naperian logarithm. As a 
approaches zero, (1+ a)!/* approaches the number e, and the prod- 
uct me approaches log(/a). Hence the required area is equal to 


A log (b/a). 


67. Primitive functions. The invention of the Integral Calculus 
reduced the problem of evaluating a plane area to the problem of 
finding a function whose derivative is known. Let y = f(x) be the 
equation of a curve referred to two rectangular axes, where the 
function f(x) is continuous. Let us consider the area enclosed by 
this curve, the axis of x, a fixed ordinate M)P ), and a variable 
ordinate MP, as a function of the abscissa x of the variable ordinate. 
In order to include all pos- 
sible cases let us agree to 
denote by A the sum of the 
areas enclosed by the given 
curve, the x axis, and the 
straight lines M)P,, MP, 
each of the portions of 
this area being affected 
by a certain sign: the 
sign + for the portions to 
the right of M,P, and above Oz, the sign — for the portions to the 
right of ,P, and below Ox, and the opposite convention for por- 
tions to the left of M,P,). Thus, if MP were in the position M'P', we 
would take A equal to the difference 


Fia. 10 


M,P,C — M'PIC; 


and likewise, if MP were at M"P", A = M"P"D — M,P,D. 

With these conventions we shall now show that the derivative of 
the continuous function A, defined in this way, is precisely f(a). As 
in the figure, let us take two neighboring ordinates MP, NQ, whose 
abscisse are x and « + Az. The increment of the area AA evidently 
lies between the areas of the two rectangles which have the saine 
base PQ, and whose altitudes are, respectively, the greatest and the 
least ordinates of the are MN. Denoting the maximum ordinate by 
H and the minimum by h, we may therefore write 


hAu < AA < HAg, 


or, dividing by Az, h< AA /Ax < H. As Ax approaches zero, H and 
h approach the same limit MP, or f(a), since f(x) is continuous. 
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Hence the derivative of 1 is f(v). The proof that the same result 
holds for any position of the point / is left to the reader. 

If we already know a primitive function of f(a), that is, a function 
F(x) whose derivative is f(x), the difference A — F'() is a constant, 
since its derivative is zero (§ 8). In order to determine this con- 
stant, we need only notice that the area A is zero for the abscissa 
x =a of the lné MP. Hence 

A = F(«x)— F(a). 

It follows from the above reasoning, first, that the determination 
of a plane area may be reduced to the discovery of a primitive func- 
tion; and, secondly (and this is of far greater importance for us), 
that every continuous function f(x) is the derivative of some other 
function. This fundamental theorem is proved here by means of 
a somewhat vague geometrical concept, — that of the area under a 
plane curve. This demonstration was regarded as satisfactory for a 
long time, but it can no longer be accepted. In order to have a stable 
foundation for the Integral Calculus it is imperative that this theo- 
rem should be given a purely analytic demonstration which does not 
rely upon any geometrical intuition whatever. In giving the above 
geometrical proof the motive was not wholly its historical interest, 
however, for it furnishes us with the essential analytic argument of 
the new proof. It is, in fact, the study of precisely such sums as 
(1) and sums of a shghtly more general character which will be 
of preponderant importance. Before taking up this study we must 
first consider certain questions regarding the general properties of 
functions and in particular of continuous functions.* 


II. DEFINITE INTEGRALS ALLIED GEOMETRICAL CONCEPTS 


68. Upper and lower limits. An assemblage of numbers is said to 
have an upper limit (see ftn., p. 91) if there exists a number N so 
large that no member of the assemblage exceeds N. Likewise, an 
assemblage is said to have a lower limit if a number N’ exists than 
which no member of the assemblage is smaller. Thus the assem- 
blage of all positive integers has a lower limit, but no upper limit ; 


* Among the most important works on the general notion of the definite integral 
there should be mentioned the memoir by Riemann: Uber die Méglichkeit, eine Func- 
tion durch eine trigonometrische Reihe eomausiellen (Werke, 2d ed., Leipzig, 1892, 
p. 239; and also French translation by Laugel, p. 225) ; and the memoir S Darboux, to 
w Heh we have already referred: Sur les fonctions discontinues (Annales de V’ Ecole 
Normale Supérieure, 2d series, Vol. IV). 
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the assemblage of all integers, positive and negative, has neither ; 
and the assemblage of all rational numbers between 0 and 1 has 
both a lower and an upper lit. 

Let (£) be an assemblage which has an upper limit. With 
respect to this assemblage all numbers may be divided into two 
classes. We shall say that a number @ belongs to the first class if 
there are members of the assemblage (/) which are greater than a, 
and that it belongs to the second class if there is no member of the 
assemblage (Z) greater than a. Since the assemblage (£) has an 
upper limit, it is clear that numbers of each class exist. If A be 
a number of the first class and B a number of the second class, it 
is evident that 4 <B; there exist members of the assemblage (£) 
which lie between A and B, but there is no member of the assem- 
blage (EZ) which is greater than B. The number C = (A + B)/2 
may belong to the first or to the second class. In the former case 
we should replace the interval (A, B) by the interval (C, B), in the 
latter case by the interval (4, C). The new interval (4,, B,) is half 
the interval (A, B) and has the same properties: there exists at least 
one member of the assemblage (£) which is greater than A,, but none 
which is greater than B,. Operating upon (A;, B,) in the same way 
that we operated upon (A, B), and so on indefinitely, we obtain an 
unlimited sequence of intervals (A, B), (A1, Bi), (Az, By), ---, each 
of which is half the preceding and possesses the same property 
as (A, B) with respect to the assemblage (#). Since the numbers 
A, Ay, Aq, ---, A, never decrease and are always less than B, they 
approach a limit A ($1). Likewise, since the numbers B, B,, B,, --- 
never increase and are always greater than A, they approach a limit 2’. 
Moreover, since the difference B, — A, =(B— A) /2” approaches zero 
as nm increases indefinitely, these hmits must be equal, i.e. A’ =X. 
Let Z be this common limit; then Z is called the upper limit of the 
assemblage (Z). From the manner in which we have obtained it, 
it is clear that Z has the following two properties: 


1) No member of the assemblage (E) is greater than L. 
2) There always exists a member of the assemblage (E) which is 
greater than L — «, where « is any arbitrarily small positive number. 


For let us suppose that there were a member of the assemblage 
greater than L, say L+h(h>0). Since B, approaches L as n 
increases indefinitely, B, will be less than L +A after a certain 
value of n. But this is impossible since B, is of the second class. 
On the other hand, let « be any positive number. Then, after a 
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certain value of 7, A, will be greater than ZL —e; and since there are 
members of (Z) greater than A,, these numbers will also be greater 
than L —e. It is evident that the two properties stated above can- 
not apply to any other number than L. 

The upper limit may or may not belong to the assemblage (£). 
In the assemblage of all rational numbers which do not exceed 2, 
for instance, the number 2 is precisely the upper limit, and it belongs 
to the assemblage. On the other hand, the assemblage of all irra- 
tional numbers which do not exceed 2 has the upper limit 2, but 
this upper limit is not a member of the assemblage. It should be 
particularly noted that if the upper limit Z does not belong to the 
assemblage, there are always an infinite number of members of (£) 
which are greater than L — e, no matter how small « be taken. For if 
there were only a finite number, the upper limit would be the largest 
of these and not Z. When the assemblage consists of n different 
numbers the upper limit is simply the largest of these n numbers. 

It may be shown in like manner that there exists a number L’, 
in case the assemblage has a lower limit, which has the following 
two properties : 


1) No member of the assemblage is less than L'. 
2) There exists a member of the assemblage which is less than 
L'+., where « is an arbitrary positive number.* 


This number L' is called the lower limit of the assemblage. 


69. Oscillation. Let f(a) be a function of x defined in the closed ¢ 
interval (a, 6); that is, to each value of x between a and 6 and to each 
of the limits a and 4 themselves there corresponds a uniquely deter- 
mined value of f(x). The function is said to be finite in this closed 
interval if all the values which it assumes lie between two fixed 
numbers A and B. Then the assemblage of values of the function 
has an upper and a lower limit. Let M and m be the upper and 
lower hmits of this assemblage, respectively ; then the difference 


* Whenever al/ numbers can be separated into two classes A and B, according to 
any characteristic property, in such a way that any number of the class 4 is less than 
any number of the class B, the upper limit Z of the numbers of the class A is at the 
same time the lower limit of the numbers of the class B. It is clear, first of all, that 
any number greater than J belongs to the class B. And if there were a number L’/ < L 
belonging to the class B, then every number greater than L/ would belong to the class B. 
Hence.every number less than L belongs to the class A, every number greater than Z 
belongs to the class B, and L itself may belong to either of the two classes. 

+ The word “closed ’”’ is used merely for emphasis. See § 2.— TRANS. 
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A= M—~™ is called the oscillation of the function f(x) in the 
interval (a, 6). 

These definitions lead to several remarks. In order that a func- 
tion be finite in a closed interval (a, b) it is not sufficient that it 
should have-a finite value for every value of «. Thus the function 
defined in the closed interval (0, 1) as follows: 


FO) =, f@)\=t1 fe. for. x, > 0, 


has a finite value for each value of ; but nevertheless it is not 
finite in the sense in which we have defined the word, for f(a) > A 
if we take x<1/A. Again, a function which is finite in the closed 
interval (a, )) may take on values which differ as little as we please 
from the upper limit M@ or from the lower limit m and still never 
assume these values themselves. For instance, the function f(z), 
defined in the closed interval (0, 1) by the relations 


iO) 0; i(e) = 1 a Stor OO <asi, 
has the upper limit M@ =1, but never reaches that limit. 


70. Properties of continuous functions. We shall now turn to the 
study of continuous functions in particular. 


TueroreM A. Let f(x) be a function which is continuous in the closed 
interval (a, b) and ¢« an arbitrary positive number. Then we can 
always break up the interval (a, 6) into a certain number of partial 
intervals in such a way that for any two values of the variable 
whatever, x! and x", which belong to the same partial interval, we 
always have | f(x')—f(a")|<e. 


Suppose that this were not true. Then let e=(a@+6)/2; at 
least one of the intervals (a, ¢), (¢, 6) would have the same prop- 
erty as (a, 6); that is, it would be impossible to break it up mto 
partial intervals which would satisfy the statement of the theorem. 
Substituting it for the given interval (a, 6) and carrying out the 
reasoning as above (§ 68), we could form an infinite sequence of 
intervals (a, b), (a1, 61), (a, b,),---, each of which is half the preced- 
ing and has the same property as the original interval (a, 6). For 
any value of m we could always find in the interval (a,, 0,) two 
numbers z! and x" such that f(a’) — f(#")| would be larger than «. 
Now let A be the common limit of the two sequences of numbers 
@, A, A, --- and J, b,, 6, ---. Since the function f(x) is continuous 
for x =A, we can find a number y such that | f(x)— f(A)|<«/2 
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whenever |a# — X{ is less than y. Let us choose n so large that both 
a, and b, differ from A by less than y. Then the interval (a,, b,) 
will lie wholly within the interval (A —n, (+7); and if #' and a" 
are any two values whatever in the interval (a,, 0,), we must have 


IZ@') —FA)| <«/2, |F@")—FA)| <€/2 
and hence | f(a’) — f(a")|<.«. It follows that the hypothesis made 
above leads to a contradiction; hence the theorem is proved. 


Corollary I. Let a, x1, %, +++, 2-1, 0 be a method of subdivision 
of the interval (a, 6) into p subintervals, which satisfies the con- 
ditions: of the’ theorem. In the interval (a, #,) we shall have 
| f(x)|< | f(a)|+ ¢; and, in particular, | f(7,)|<|f(@)|+« Like 
wise, in the interval (#,, x.) we shall have |f(«)|<|f(@)|+<¢6. 
and, a fortiori, |f(x)| << |f(@|+ 26; in particular, for x =a, 
| f(@2)|<|f(4)|+ 2; and so forth. For the last interval we shall 
have 


IF@) |< |P@p-1) | +e < |S) | + ve 


Hence the absolute value of f(x) in the interval (a, 6) always 
remains less than |f(a@)|+ pe. Jt follows that every function which 
ts continuous in a closed interval (a, 6) ts finite in that interval. 


Corollary II. Let us suppose the interval (a, 6) split up into p sub- 
intervals (a, 21), (#1, &~),--+, (#3, 6) such that | f(w') — f(a!) |<«/2 
for any two values of x which belong to the same closed subinterval. 
Let » be a positive number less than any of the differences x, — a, 
Lo—%, -+-,b—-«x, _,. Then let us take any two numbers whatever 
in the interval (a, 0) for which |a' — a''| < », and let us try to find 
an upper limit for |f(a') —f(«'')|. If the two numbers a' and 2" 
fall in the same subinterval, we shall have | f(x’) — f(a")|< «/2. 
If they do not, x’ and a" must lie in two consecutive intervals, 
and it is easy to see that | f(a') — f(a")|< 2(e«/2)=«. Hence cor- 
responding to any positive number e another positive number y can be 


found such that 
IF@) -f@")| <6 


where x! and x'' are any two numbers of the interval (a, b) for which 
|x'—2"| <y. This property is also expressed by saying that the 
function f(x) is uniformly continuous in the interval (a, 5). 


TurorEM B. A function f(a) which is continuous in a closed 
interval (a, b) takes on every value between f(a) and f (6) at least 
once for some value of « wiich lies between a and b. 
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Let us first consider a particular case. Suppose that f(a) and 
J (0) have opposite signs, — that f(a) < 0 and f() > 0, for instance. 
We shall then show that there exists at least one value of x between 
a and 6 for which f(@) = 0. Now f(«) is negative near a and posi- 
tive near 6. Let us consider the assemblage of values of x between 
a and 6 for which f(a) is positive, and let > be the lower limit of 
this assemblage (@<A< 56). By the very definition of a lower 
limit f(A — A) is negative or zero for every positive value of h. 
Hence f(A), which is the limit of f(A — ), is also negative or zero. 
But f(A) cannot be negative. For suppose that f(A) = — m, where 
m is a positive number. Since the function f(x) is continuous for 
x =X, a number y can be found such that | f(x) — f(A)|< m when- 
ever | —A|<», and the function f(~) would be negative for all 
values of x between AX and A+ 7. Hence d» could not be the lower 
limit of the values of x for which f(«) is positive. Consequently 
FR) 9: 

Now let N be any number between f(a) and f(>). Then the 
function $(«) = f(«) — N is continuous and has opposite signs for 
x=aand «x=b. Hence, by the particular case just treated, it 
vanishes at least once in the interval (a, 0). 


TurorreM C. Lvery function which is continuous in a closed inter- 
val (a, 6) actually assumes the value of its upper and of its lower 
limit at least once. 


In the first place, every continuous function, since we have 
already proved that it is finite, has an upper limit M and a lower 
limit m. Let us show, for instance, that f(x) = M for at least one 
value of x in the interval (a, 6). 

Taking c=(a+ 0)/2, the upper limit of f(a) is equal to M for 
at least one of the intervals (a, ¢), (¢, 6). Let us replace (a, 0) 
by this new interval, repeat the process upon it, and so forth. 
Reasoning as we have already done several times, we could form 
an infinite sequence of intervals (a, 0), (a1, 1), (as, 62), +++, each of 
which is half the preceding and in each of which the upper limit of 
f(«) is M. Then, if A is the common limit of the sequences a, a, 

++, Gny +++ and B, by, +++, B,, --+, f(A) ts equal to M. For suppose that 
f(A) = M — h, where h is positive. We can find a positive number 
7 such that f(a) remains between f(A) + 2/2 and f(A) — 2/2, and 
therefore less than M—A/2 as long as x remains between » — 7 
and A+. Let us now choose n so great that a, and 6, differ from 
their common limit » by less than 7. Then the interval (@,, 0,) les 
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wholly inside the interval (A —7,’+ 7), and it follows at once 
that the upper limit of f(x) in the interval (a,, 0,) could not be 
equal to M. 

Combining this theorem with the preceding, we see that any func- 
tion which is continuous in a closed interval (a, b) assumes, at least 
once, every value between its upper and its lower limit. Moreover 
theorem A may be stated as follows: Given a function which is 
continuous in a closed interval (a, b), it is possible to divide the inter- 
val into such small subregions that the oscillation of the function in 
any one of them will be less than an arbitrarily assigned positive 
number. For the oscillation of a continuous function is equal to 
the difference of the values of f(x) for two particular values of the 
variable. 


71. The sums S and s. Let f(x) be a finite function, continuous 
or discontinuous, in the interval (a, 6), wherea< 0. Let us sup- 
pose the interval (a, 6) divided into a number of smaller partial 
intervals (a, 21), (#1, %),---, (,_1, 6), where each of the numbers 
X, Ly, +++, L, 1 18 greater than the preceding. Let M and m be the 
limits of f(a) in the original interval, and M, and m; the limits 
in the interval (x,_,,x,), and let us set 


S = M(t) a) + M, (@, — %)-F-++ + M,, (6 = X= 1) 
S = mM, (x, — &) + m,(H, — %)+---+ m, (6 — a,_3). 


To every method of division of (a, >) into smaller intervals there 
corresponds a sum S and asmaller sums. It is evident that none 
of the sums S are less than m(b — a), for none of the numbers M, 
are less than m; hence these sums S have a lower limit /.* Like- 
wise, the sums s, none of which exceed M@(/—a) have an upper 
limit J’. We proceed to show that J' is at most equal to I. For this 
purpose it is evidently sufficient to show that s<S8' and s'< 8, where 
S, s and S', s' are the two sets of sums which correspond to any 
two given methods of subdivision of the interval (a, 0). 

In the first place, let us suppose each of the subintervals (a, a), 
(a, ®), --- redivided into still smaller intervals by new points of 
division and let 


By Yio Yoo 2) Yea iow Vie ee Yrs Coe Yom eee 


* If f (x) isa constant, S= s, M =m, and, in general, all the inequalities mentioned 
become equations. — TRANS. 
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be the new suite thus obtained. This new method of subdivision 
is called consecutive to the first. Let = and o denote the sums anal- 
ogous to S and s with respect to this new method of division of the 
interval (a, 6), and let us compare S and s with 3 and co. Let us 
compare, for example, the portions of the two sums S and § which 
arise from the interval (a, 2,). Let M{ and m! be the limits of 
J (x) in the interval (a, y,), Mj and mj the limits in the interval 
(Yi Yo)» +++, My and m; the limits in the interval (y,_,, 21). Then 
the portion of } which comes from (a, 2;) is 


Mi (% — @) + Ma(Y2— M1) +--+ + Mi — Y%-1)3 


and since the numbers M{, Mj, ---, M/ cannot exceed M,, it is clear 
that the above sum is at most equal to M,(a,—a). Likewise, the 
portion of % which arises from the interval (a, #,) is at most equal 
to M,(#,—x,), and so on. Adding all these inequalities, we find 
that 3S, and it is easy to show in like manner that o2s. 

Let us now consider any two methods of subdivision whatever, 
and let S,s and S', s' be the corresponding sums. Superimposing 
the points of division of these two methods of subdivision, we get a 
third method of subdivision, which may be considered as consecu- 
tive to either of the two given methods. Let 3 and o be the sums 
with respect to this auxiliary division. By the above we have the 
relations 

SSS oss, SSS y o2s'5 


and, since & is not less than a, it follows that s'< Sand s<S'. Since 
none of the sums S are less than any of the sums s, the limit J 
cannot be less than the limit J’; that is, 72 J’. 


72. Integrable functions. A function which is finite in an inter- 
val (a, 6) is said to be integrable in that interval if the two sums 
S and s approach the same limit when the number of the partial 
intervals is indefinitely increased in such a way that each of those 
partial intervals approaches zero. 


The necessary and sufficient condition that a function be integrable 
in an interval is that corresponding to any positive number « another 
number exists such that S —s is less than « whenever each of the 
partial intervals is less than ». 


This condition is, first, necessary, for if S and s have the same 
limit 7, we can find a number y so small that |S — Z| and |s — J] are 
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each less than «/2 whenever each of the partial intervals is less 
than y. Then, a fortiori, S — sis less than e. 
Moreover the condition is sufficient, for we may write * 


S—s=S—I+I-—I'4+I'—s, 


and since none of the numbers S — J, J — J', I' — s can be negative, 
each of them must be less than « if their sum is to be less than e. 
But since J —J' is a fixed number and « is an arbitrary positive 
number, it follows that we must have /'=/. Moreover S—I<e 
and J —s<e whenever each of the partial intervals is less than y, 
which is equivalent to saying that S and s have the same limit J. 
The function f(a) is then said to be integrable in the interval 
(a, b), and the limit J is called a definite integral. It is represented 


by the symbol 
b 
I= { #@) dx, 


which suggests its origin, and which is read “the definite integral 
from a to b of f(a)dx.” By its very definition J always lies between 
the two sums S and s for any method of subdivision whatever. 
Jf any number between S and s be taken as an approximate value 
ot J, the error never exceeds S — s. 


Every continuous function is integrable. 


The difference S—s is less than or equal to (6 —a)w, where 
w» denotes the upper limit of the oscillation of f(@) in the partial 
intervals. But 7 may be so chosen that the oscillation is less than 
a preassigned positive number in any interval less than y (§ 70). 
If then 7 be so chosen that the oscillation is less than «/(b — a), 
the difference S —s will be less than «. 

Any monotonically increasing or monotonically decreasing function 
in an interval is integrable in that interval. 

A function f(x) is said to increase monotonically in a given interval 
(a, &) if for any two values 2!, xin that interval f(x') 2 f(x") when- 
ever «' >a". The function may be constant in certain portions of the 
interval, but if it is not constant it must increase with x. Dividing 
the interval (a, 6) into n subintervals, each less than y, we may write 


S = fis) i — @) + Pea) Bas) + oF (0) Oe), 
Se fea) a =) tka aes) h, «ee, 


* For the proof that J and I’ exist, see §73, which may be read before § 72. — TRANS. 


b 
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for the upper limit of f(a) in the interval (a, x,), for instance, 
is precisely f(a), the lower limit f(a); and so on for the other 
subintervals. Hence, subtracting, 


S—s=(@ — 4)[f(@1)— f@)] + @— 1) [P2) — f(@)] 
Te tO nS) ene 


None of the differences which occur in the right-hand side of this 
equation are negative, and all of the differences x, — a, x, —%, 
- are less than y; consequently 


Barely a) = FO) eg Ca) = a) Pe SO) =f na) 
or 


S—s< nlf) -—f@)], 


and we need only take 


€ 
™<FO-FO 
in order to make S—s<e. The reasoning is the same for a mono- 
tonically decreasing function. 
Let us return to the general case. In the definition of the inte- 
gral the sums S and s may be replaced by more general expres- 
sions. Given any method of subdivision of the interval (a, 0): 


@, Wy, Be, --*, Lj_y, Lj, ***, By, 9; 
let €,, &, +++, &, --» be values belonging to these intervals in order 


(%,.,56,S2,). Then the sum 


n 


(2) yf (6) (@ — 2-1) = 
S(&) (@1 a a) + f(&) (ae or 21) +... + f(é,) ( a 00) 


evidently lies between the sums S and s, for we always have 
m,;Sf(§) < M,. If the function is integrable, this new sum has the 
limit 7. In particular, if we suppose that €,, &, ---, €, coincide 
with a, 2, ---, &,_,, respectively, the sum (2) reduces to the sum 
(1) considered above (§ 65). 

There are several propositions which result immediately from the 
definition of the integral. We have supposed that a< 6; if we now 
interchange these two limits a and 0, each of the factors x; — %;_, 
changes sign; hence 


a, #2) da = — sf foe) de. 
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It also evidently follows from the definition that 


ili f(a)de = i (une i layer, 


at least if ¢ lies between a and 6; the same formula still holds when 
b lies between a and e, for instance, provided that the function f(x) 
is integrable between a and ¢, for it may be written in the form 


[fea = [ sae — { re)ae = [ se) ae + [ s@)ae 


If f(x) = Ad (a) + By(a@), where 4 and B are any two constants, 


we have 
b b b 
fr@dwa4 foeante fi W(x) da, 


and a similar formula holds for the sum of any number of functions. 

The expression f(€;) in (2) may be replaced by a still more gen- 
eral expression. The interval (a, 6) being divided into » sub- 
intervals (a, %,),---, (#;_1, #),°::, let us associate with each of the 
subintervals a quantity ¢,, which approaches zero with the length 
x,—«;_, of the subinterval in question. We shall say that ¢, 
approaches zero uniformly if corresponding to every positive num- 
ber e« another positive number y can be found independent of 7 and 
such that |f;| <« whenever x; — 2,;_, is less than y. We shall now 
proceed to show that the sum 


S= >, Lf (@i-1) By fi] (x; a @;_1) 


approaches the definite integral [’ f(w)dx as its limit provided 
that ¢; approaches zero uniformly. For suppose that 7 is a number 
so small that the two inequalities 


DH) f Heyae el Galen 


are satisfied whenever each of the subintervals x;—2,_, is less 
than » Then we may write 


s' -{ #e) da = 


Pucaye — %;_) =i f(vde | 4 Yale —2;_4), 
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and it is clear that we shall have 


[s\— [ paae|<ete6—«) 


whenever eachof the subintervals is less than yn Thus the theorem 
is proved.* 


73. Darboux’s theorem. Given any function f(a) which is finite in an inter- 
val (a, b); the sums S and s approach their limits I and I’, respectively, when 
the number of subintervals increases indefinitely in such a way that each of 
them approaches zero. Let us prove this for the sum S, for instance. We 
shall suppose that a <b, and that f(z) is positive in the interval (a, 6), which can 
be brought about by adding a suitable constant to f(#), which, in turn, amounts 
to adding a constant to each of the sums S. Then, since the number J is the 
lower limit of all the sums S, we can find a particular method of subdivision, say 


Dy Ll Cay ey ply) Os 


for which the sum S is less than I + ¢/2, where e« is a preassigned positive num- 
ber. Let us now consider a division of (a, 6) into intervals less than 7, and let us 
try to find an upper limit of the corresponding sum S’. Taking first those inter- 
vals which do not include any of the points 21, t2, ---, %—1, and recalling the 
reasoning of § 71, it is clear that the portion of S’ which comes from these inter- 
vals will be less than the original sum S, that is, less than J +¢/2. On the other 
hand, the number of intervals which include a point of the set 21, 2, +++, %p—1 
cannot exceed p — 1, and hence their contribution to the sum S’ cannot exceed 
(p — 1) Mn, where M is the upper limit of f(x). Hence 
S’<I + ¢/2+ (p — 1) Mn, 

and we need only choose 7 less than e/2 M(p — 1) in order to make S’ less than 
I+ ec. Hence the lower limit J of all the sums S is also the limit of any sequence 
of S’s which corresponds to uniformly infinitesimal subintervals. 

It may be shown in a similar manner that the sums s have the limit I’ 
If the function f(x) is any function whatever, these two limits J and I’ are in 


general different. In order that the function be integrable it is necessary and 
sufficient that I’ = I. 


74, First law of the mean for integrals. From now on we shall 
assume, unless something is explicitly said to the contrary, that 
the functions under the integral sign are continuous. 


* The above theorem can be extended without difficulty to double and triple inte- 
grals ; we shall make use of it in several places (§§ 80, 95, 97, 131, 144, etc.). 

The proposition is essentially only an application of a theorem of Duhamel’s 
according to which the limit of a sum of infinitesimals remains unchanged when 
each of the infinitesimals is replaced by another infinitesimal which differs from the 
given infinitesimal by an infinitesimal of higher order. (See an article by W. F. 
Osgood, Annals of Mathematics, 2d series, Vol. IV, pp. 161-178: The Integral as 
the Limit of a Sum and a Theorem of Duhamel’s.) 
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Let f(x) and (a) be two functions which are each continuous 
in the interval (a, 6), one of which, say ¢(x), has the same sign 
throughout the interval. And we shall suppose further, for the 
sake of definiteness, that a< 6 and (ax) >0. 

Suppose the interval (a, 6) divided into subintervals, and let 
&, &, ---, & -:: be values of «x which belong to each of these 
smaller intervals in order. All the quantities f(€,) lie between the 
limits M and m of f(a) in the interval (a, 6): 


m <f(E) <M. 
Let us multiply each of these inequalities by the factors 
 (E;) (@i — % 1), 


respectively, which are all positive by hypothesis, and then add 
them together. The sum 3 /(&) $(&) (@;,—2;_,) evidently lies 
between the two sums m % ¢ (€,) (a; — neue and M3 ¢ (&;) (#; — #;_}). 
Hence, as the number of subintervals increases indefinitely, we 
have, in the lmit, 


nf (x) da i) S(x)o(a)dxSM | (x)dz, 


which may be written 


[Poe@ae =n [seas 


where » les between m and M. Since the function f(a) is con- 
tinuous, it assumes the value » for some value € of the variable 
which hes between a and 6; and hence we may write the preceding 
equation in the form 


b b 
(3) [f@s@ar=lO [ e@ae, 
where € lies between a and b.* If, in particular, ¢(x) =1, the 


integral [? da reduces to (b — a) by the very definition of an inte- 
gral, and the formula becomes 


(4) a f(a)de =(b — a) f(6. 


* The lower sign holds in the preceding relations only when f («) = k. It is evident 
that the formula still holds, however, and that a<£<b in any case. —TrRans, 
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75. Second law of the mean for integrals. There is a second formula, due to 
Bonnet, which he deduced from an important lemma of Abel’s. 


Lemma. Let €9, 1, ---, € be a set of monotonically decreasing positive quanti- 
ties, and Uo, U1, -+ +, Up» the same number of arbitrary positive or negative quantities. 
If A and B are respectively the greatest and the least of all of the sums so = uo, 
81 = Up + Uy, + -~, Sp = Up + U1 +--+ + Up, the sum 


S = ego + e1Uy + +++ + epUp 
will lie between Aco and Beo, i.e. Aeg > S> Beo. 
For we have 
Uo = So, Uy = 81 — 80, sielel Up = Sp — 8p—1, 


whence the sum S is equal to 
80 (€0 _ €1) + S81 (e _ €2) ap OG te Sie a (€p-1 - €p) + Spe. 


Since none of the differences €9 — 1, e1 — €2, -- +, €»—-1 — & are negative, two 
limits for S are given by replacing so, 81,---, 8» by their upper limit A and then 
by their lower limit B. In this way we find - 


SSA(eo—ea+e—eg+-:++e-1—&+ &) = Aco, 


and it is likewise evident that S = Beo. 

Now let f(x) and ¢ (x) be two continuous functions of x, one of which, ¢ («), 
is a positive monotonically decreasing function in the intervala<aw<b. Then 
the integral {, ”f (a) ¢(x) dx is the limit of the sum 


F(a) & (a) (@1 — @) + f (@1) b (@1) (Wz — %1) + oes. 


The numbers ¢(a), $(«1), --- form a set of monotonically decreasing positive 
numbers; hence the above sum, by the lemma, lies between A¢(a) and B¢ (a), 
where A and B are respectively the greatest and the least among the following 
sums: 

f (4) — 4), 

F(a) (@1 — &) + f (@1) (2 — 1), 


F(a) (a — a) + F(ts) (@a — 21) +++ +S (Cn—1) 0 — na). 


Passing to the limit, it is clear that the integral in question must lie between 
A, ¢(qa) and B,¢(a), where A; and B, denote the maximum and the minimum, 
respectively, of the integral a J (x) dx, as c varies from a to b. Since this inte- 
gral is evidently a continuous function of its upper limit c (§ 76), we may write 
the following formula : 


& 
(5) [Po o@ae=o@ f Fede, a<t<b. 


When the function ¢(a) is a monotonically decreasing function, without 
being always positive, there exists a more general formula, due to Weierstrass. 
‘In such a case let us set (x) = ¢(b) + w(x). Then y (x) is a positive monoton- 
ically decreasing function. Applying the formula (5) to it, we find 


b g 
f f@¥@) ax =o) — 90) f F@)ae. 
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From this it is easy to derive the formula 


[Fey pede = Fe) oO) ae + [4(a) — 90) [ Me)ae, 

or 5 
b é b 

J Fe geae = ola) f Ae) de + o(0) f, fla) ae 


Similar formule exist for the case when the function ¢(z) is increasing. 


76. Return to primitive functions. We are now in a position to 
give a purely analytic proof of the fundamental existence theorem 
($67). Let f(x) be any continuous function. Then the definite integral 


re) =f Aoae, 


where the limit a is regarded as fixed, is a function of the upper 
limit x. We proceed to show that the derivutive of this function 
is f(x). In the first place, we have 


ath 


F@+h)—Fa)=| fede, 


x 


or, applying the first law of the mean (4), 
F(x +h) — F(@) = hf), 


where € lies between x and «+h. As ” approaches zero, f(§) 
approaches f(x); hence the derivative of the function F(x) is f(a), 
which was to be proved. 

All other functions which have this same derivative are given 
by adding an arbitrary constant C to F(x). There is one such 
function, and only one, which assumes a preassigned value y, for 
x =a, namely, the function 


wtf fod. 


When there is no reason to fear ambiguity the same letter x is 
used to denote the upper limit and the variable of integration, and 
f f@) dx is written in place of f"f(¢)dt. But it is evident that 
a definite integral depends only upon the limits of. integration and 
the form of the function under the sign of integration. The letter 
which denotes the variable of integration is absolutely immaterial. 

Every function whose derivative is f(x) is called an indefinite 
integral of f(x), or a primitive function of f(x), and is represented 
by the symbol 


| Aeae, 
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the limits not being indicated. By the above we evidently have 


 feyae =f Hoan + C. 


Conversely, if a function F(x) whose derivative is f(x) can be 
discovered by any method whatever, we may write 


ff foae =F) 4. 


In order to determine the constant C we need only note that the 
left-hand side vanishes for x =a. Hence C = — F(a), and the 
fundamental formula becomes 


(6) Jf fede = Me) — F@). 


If in this formula f(x) be replaced by F(a), it becomes 


F(@) — F(@) =| F'(x) dx, 
or, applying the first law of the mean for integrals, 
F(a) — F(a) = (# — a) P(E), 


where € lies between a and x. ‘This constitutes a new proof of the 
law of the mean for derivatives; but it is less general than the one 
given in section 8, for it is assumed here that the derivative F'(a) 1s 
continuous. 

We shall consider in the next chapter the simpler classes of func- 
tions whose primitives are known. Just now we will merely state 
a few of those which are apparent at once : 


a a+ 
f A@—apfae = 4 CO + ©, at1+#0; 


dx 
[A= Arosa + 0; 


feosede=sine +0} sine de = — cose + 6; 


fore== +0, m+; 
m 
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frpaneetmet 6 Ure mes oe 


¢ ' 
[ Gr et NEFA + Us FS = ar) + Cc. 

The proof of the fundamental formula (6) was based upon the 
assumption that the function f () was continuous in the closed inter- 
val (a,b). If this condition be disregarded, results may be obtained 
which are paradoxical. Taking f(x) =1/z’, for instance, the for- 
mula (6) gives 


The left-hand side of this equality has no meaning in our present 

system unless a and 6 have the same sign; but the right-hand side 

has a perfectly determinate value, even when a and é have different 

signs. We shall find the explanation of this paradox later in the 

study of definite integrals taken between imaginary limits. 
Similarly, the formula (6) leads to the equation 


ee zo log Bou 
a J(#) Cn 
If f(a) and f(6) have opposite signs, f(a) vanishes between a and 8, 
and neither side of the above equality has any meaning for us at . 
present. We shall find later the signification which it is convenient 
to give them. 

Again, the formula (6) may lead to ambiguity. Thus, if 
FQ) = 17 -P a) wend. 


> dx 
ace = are tan 6 — arc tan a. 


Here the left-hand side is perfectly determinate, while the right- 
hand side has an infinite number of determinations. To avoid this 
ambiguity, let us consider the function 


* dx 
F = Een 
O- | Tra 


This function F(a) is continuous in the whole interval and van- 
ishes with x Let us denote by arc tan 2, on the other hand, an 
angle between — 7/2 and +7/2. These two functions have the 
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same derivative and they both vanish for x=0. It follows that 
they are did and we may write the equality 


ECs 
ror. =| a3 f reas me tend — are tan 


where the value to be assigned the arctangent always lies between 
—7/2and +77/2. 
In a similar manner we may derive the formula 


ee : ; 
ae = are sin 6 — arc sina, 
i. — 2 


where the radical is to be taken positive, where a and 6 each lie 
between — 1 and +1, and where arc sin x denotes an angle which 
les between — 7/2 and + 7/2. 


77. Indices. In general, when the primitive F(x) is multiply determinate, we 
should choose one of the initial values F(a) and follow the continuous variation 
of this branch as # varies from atob. Let us consider, for instance, the integral 


b a / b ‘7 
(ee 
pe eee Uaactad.- ) 


f@)=5 


where 


and where P and Q are two functions which are both continuous in the interval 
(a, b) and which do not both vanish at the same time. If Q does not vanish 
between a and b, f(x) does not become infinite, and arc tan f(x) remains between 
—7/2and + 2/2. But this is no longer true, in general, if the equation Q = 0 
has roots in this interval. In order to see how the formula must be modified, let 
us retain the convention that arc tan signifies an angle between — 2/2 and + 7/2, 
and let us suppose, in the first place, that Q vanishes just once between a and b 
for a valuex=c. We may write the integral in the form 


Ff (a) dae c-—e€ c+e' b 
. = i te if +f ’ 
ae 1 + f? (x) a c-€ c+e 
where e and ¢’ are two very small positive numbers. Since f(x) does not become 
infinite between a and c — e, nor between c + e’ and 8, this may again be written 


b 7 
of ae = arc tanf(c — e) — arc tan f(a) 


c+e’ 
+ are tan f(b) — arc tan f(c + ’) +f 


Several cases may now present themselves. Suppose, for the sake of definite- 
ness, that f(a) becomes infinite by passing from + 0 to —o. Then f(c — e) will 
be positive and very large, and arc tan f(c — e) will be very near to 7/2; while 
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f(c¢ + 2) will be negative and very large, and arc tan f(c + e’) will be very near 
— 2/2. Also, the integral f,°%~° will be very small in absolute value; and, 


—€ 


passing to the limit, we obtain the formula 


0 s 
if Ege =n + arctan f(b) — arc tan f(a). 
2 ee) 
Similarly, it is easy to show that it would be necessary to subtract w if f(x) 
passed from —o to+o. In the general case we would divide the interval 
(a, b) into subintervals in such a way that f(x) would become infinite just once 
in each of them. Treating each of these subintervals in the above manner and 
adding the results obtained, we should find the formula 
b ‘7 
= aC = are tan f(b) — arctan f(a) + (K — K’)7z, 
dd + f7.(@) 

where K denotes the number of times that f(x) becomes infinite by passing from 
+o to —o, and K’ the number of times that f(x) passes from — o.to + o. 
The number K — K’ is called the index of the function f(x) between a and b. 

When f(x) reduces to a rational function V1 /V, this index may be calculated 
by elementary processes without knowing the roots of V. It is clear that we 
may suppose Vy prime to and of less degree than V, for the removal of a poly- 
nomial does not affect the index. Let us then consider the series of divisions 
necessary to determine the greatest common divisor of V and Vj, the sign of the 
remainder being changed each time. First, we would divide V by Vy, obtaining 
a quotient Q; and a remainder — V2. Then we would divide Vy by Ve, obtaining a 
quotient Q, and a remainder —V3; and soon. Finally we should obtain a con- 
stant remainder —V,, 1. These operations give the following set of equations: 


V = ViQi a Va, 
Vi ==V2Q2— Va, 
Vaan = VnQn — Vn+l- 

The sequence of polynomials 

(7) V% Vi, V2, Paes Vr-1) Vr, Vr4iy Si He Vns Vai 


has the essential characteristics of a Sturm sequence: 1) two consecutive poly- 
nomials of the sequence cannot vanish simultaneously, for if they did, it could 
be shown successively that this value of « would cause all the other polynomials 
to vanish, in particular V,,1; 2) when one of the intermediate polynomials V,, 
Vo, +++, Vn vanishes, the number of changes of sign in the series (7) is not altered, 
for if V, vanishes for « =c, V,_; and V,4 1 have different sions for z=c. It 
follows that the number of changes of sign in the series (7) remains the same, 
except when z passes through aroot of V=0. If V1/V passes from + © to — a, 
this number increases by one, but it diminishes by one on the other hand if 
Vi/V passes from — oto +. Hence the index is equal to the difference of 
the number of changes of sign in the series (7) fore = band z=a. 


78. Area of a curve. We can now give a purely analytic definition 
of the area bounded by a continuous plane curve, the area of the 
rectangle only being considered known. For this purpose we need 
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only translate into geometrical language the results of §72. Let 
J (a) be a function which is continuous in the closed interval (a, 6), 
and let us suppose for definiteness that a < 6 and that f(x) > 0 in 
the interval. Let us consider, as above (Fig. 9, § 65), the portion of 
the plane bounded by the contour AMBB,A,, composed of the seg- 
ment A,B, of the x axis, the straight lines AA, and BB, parallel to 
the y axis, and having the abscissze a and 6, and the arc of the curve 
AMB whose equation is y= f(a). Let us mark off on 4, By a certain 
number of points of division P,, Ps, ---, P;_1, P;, «++, whose abscisse 
aT€ 2%, %q,°--, X;_}, @;,---, and through these points let us draw 
parallels to the y axis which meet the arc AMB in the points 
Qi, Qe, ---, Q;_1, Q;, ---, respectively. Let us then consider, in 
particular, the portion of the plane bounded by the contour 
Q;-1Q;P;P;_1Q;_1, and let us mark upon the are Q;_,Q; the highest 
and the lowest points, that is, the points which correspond to the 
maximum M, and to the minimum m, of f(a) in the interval 
(x;_,, #;). (In the figure the lowest point coincides with Q,_,.) 
Let R; be the area of the rectangle P;_,P;s;s;_, erected upon the 
base P,_,P,; with the altitude M,, and let 7, be the area of the 
rectangle P;_,P;9¢;@;_, erected upon the base P;_,P,; with the alti- 
tude m;. Then we have 


R, = M(x, — 21), 7% = mM; (@; — %%-1), 


and the results found above (§ 72) may now be stated as follows: 
whatever be the points of division, there exists a fixed number J 
which is always less than SR; and greater than 3r,;, and the two 
sums {R,; and 3r; approach J as the number of subintervals P;_,P; 
increases in such a way that each of them approaches zero. We shall 
call this common limit J of the two sums 3R; and Xr; the area of 
the portion of the plane bounded by the contour AMBB,A,A. Thus 
the area under consideration is defined to be equal to the definite 
integral [? f(#) da. . 

This definition agrees with the ordinary notion of the area of a 
plane curve. For one of the clearest points of this rather vague 
notion is that the area bounded by the contour P;_,P;Q;n;Q;-;P;-1 
lies between the two areas R,; and 7, of the two rectangles P;_,P;s;8;_1 
and P,_,P;9;Q;-1; hence the total area bounded by the contour 
AMBB,A,A must surely be a quantity which lies between the two 
sums 3R;and Sr; But the definite integral J is the only fixed quan- 
tity which always les between these two sums for any mode of 
subdivision of A,B), since it is the common limit of SR; and %r,. 
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The given area may also be defined in an infinite number of other 
ways as the limit of a sum of rectangles. Thus we have seen that 
the definite integral J is also the limit of the sum 


= (x; — % 1) f(Ei), 


where é, is any value whatever in the interval (x;_;, #,). But the 


element 
(a; —@;_1)f(E:) 


of this sum represents the area of a rectangle whose base is P;_,P; 
and whose altitude is the ordinate of any point of the arc Q,_ ,7;Q,. 
It should be noticed also that the definite integral J represents 
the area, whatever be the position of the arc AMB with respect to 
the x axis, provided that we adopt the convention made in § 67. 
Every definite integral therefore represents an area; hence the calcu- 
lation of such an integral is called a quadrature. 

The notion of area thus having been made rigorous once for all, 
there remains no reason why it should not be used in certain 
arguments which it renders nearly intuitive. For instance, it is 
perfectly clear that the area considered above lies between the areas 
of the two rectangles which have the common base A,B), and which 
have the least and the greatest of the ordinates of the arc AMB, 
respectively, as their altitudes. It is therefore equal to the area of 
a rectangle whose base is A,B, and whose altitude is the ordinate 
of a properly chosen point upon the are 4MB,— which is a restate- 
ment of the first law of the mean for integrals. 


79. The following remark is also important. Let f(x) be a fune- 
tion which is finite in the interval (a, 6) and which is discontinuous 
in the manner described below for 
a finite number of values between 
a@and b. Let us suppose that f(r) 
is continuous from ¢ to e+ k(k>0), 
and that f(¢ + «) approaches a cer- 
tain limit, which we shall denote 
by f(¢+ 0), as « approaches zero 
through positive values; and like- 
wise let us suppose that f(x) is 
continuous between ¢—k and ¢ and that f(¢ — e) approaches a limit 
J(¢ — 0) as « approaches zero through positive values. If the two 
limits f(¢ + 0) and f(¢ — 0) are different, the function f(r) is dis- 
continuous for «=c. It is usually agreed to take for f(c) the 


Fie. 11 
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value [f(¢+ 0) + f(e — 0)]/2. Ifthe function J (x) has a certain 
number of points of discontinuity of this kind, it will be repre- 
sented graphically by several distinct arcs AC, C'D, D'B. Let ¢ 
and d, for example, be the abscisse of the points of discontinuity. 
Then we shall write 


ft f (x) dix =| f(a) den a i #(#) de if i (0) i 


in accordance with the definitions of $72. Geometrically, this definite 
integral represents the area bounded by the contour AC'C'DD'BB, AA. 

If the upper limit 6 now be replaced by the variable z, the definite 
integral 


F(a) = f f(a) dat 


is still a continuous function of x. In a point « where f(a) is con- 
tinuous we still have F'(x)=/(«#). For a point of discontinuity, 
x = c for example, we shall have 


e+h 


F(e+h)—F(c)= S(adx=hf(e+0h) O0<0d<1, 


and the ratio [F(e + h)— F(c)]/h approaches f(¢ + 0) or f(e¢ — 0) 
according as # is positive or negative. This is an example of a 
function F(a) whose derivative has two distinct values for certain 
values of the variable. 


80. Length of a curvilinear arc. Given a curvilinear arc AB; let us 
take a certain number of intermediate points on this arc, m,, m2, 
--+, M,—1, and let us construct the broken line Am,m,---m,_,B by 
connecting each pair of consecutive points by a straight line. 

If the length of the perimeter of this broken line approaches a 
limit as the number of sides increases in such a way that each of 
them approaches zero, this limit is defined to be the length of the 
are AB. ms 

Let 

a=f() y=), #=¥() 
be the rectangular coérdinates of a point of the arc AB expressed 
in terms of a parameter ¢, and let us suppose that as ¢ varies from 
a to b(a<b) the functions f, ¢, and y are continuous and possess 
continuous first derivatives, and that the point (2, y, ~) describes 
the arc AB without changing the sense of its motion. Let 


@, ty, tay ++) beiny bey 1%) Mei, 8 
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be the values of ¢ which correspond to the vertices of the broken 
line. Then the side ¢; is given by the formula 
C; =e Pav 2)? A Yiras Yen) a ee %-1)") 
or, applying the law of the mean to x; — 2;_,,---, 
a=G6—t-)VIPE@P +H dP +P, 


where &,, ;, ¢ lie between ¢;_, and ¢;. When the interval (¢,_,, 7,) 
is very small the radical differs very little from the expression 


Vi DP +(e P+ G_)P- 
In order to estimate the error we may write it in the form 
Ce) = Ge Ga Cy oe : 
VIP E+ Sa) FHP D+ VIM GFE FUG) 
But we have . 
GE) TI aa) SN IE) a Gao 


and consequently 


£EO+F Gear) a 
Cum AC airy 
Hence, if each of the intervals be made so small that the oscillation 


of each of the functions /'(t), '(¢), y'(¢) is less than ¢/3 in any 
interval, we shall have 


VPI@ 4+ =VPG aE te 


where 
| ; | “Ge 


and the perimeter of the broken line is therefore equal to 
2 (¢ — 4-1) sv F127 ee) + $'7(¢;_1) + W'?(G_1) + Be (@ — t;_)). 


The supplementary term  e,;(t;—¢;_,) 1s less’ in absolute value 
than eS (¢; — ¢;_,), that is, than e(>— a). Since « may be taken as 
small as we please, provided that the intervals be taken sufficiently 
small, it follows that this term approaches zero; hence the length S$ 
of the arc AB is equal to the definite integral 


(8) s= [Viet H iat, 


This definition may be extended to the case where the derivatives 
J’, ¢', v' are discontinuous in a finite number of points of the arc AB, 
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which occurs when the curve has one or more corners. We need only 
divide the are AB into several parts for each of which f', $!, y' are 
continuous. 

It results from the formula (8) that the length S of the arc 
between a fixed point A and a variable point M, which corresponds 
to a value ¢ of the parameter, is a function of ¢ whose derivative is 


ads 
dt 


SN fe ee yi; 


whence, squaring and multiplying by dé?, we find the formula 
(9) dS? = dx? + dy* + dz’, 


which does not involve the independent variable. It is also easily 
remembered from its geometrical meaning, for it means that dS is 
the diagonal of a rectangular parallelopiped whose adjacent edges are 
dx, dy, dz. 


Note. Applying the first law of the mean for integrals to the 
definite integral which represents the arc M,M,, whose extremities 
correspond to the values ¢), ¢, of the parameter (¢; >), we find 


s = are MyM, = (t, — t)) Vf'2(0) + $20) + w'2(8), 
where @ lies in the interval (¢,, ¢,). On the other hand, denoting 
the chord M,M, by c, we have 
= [f(4)—S() P+ (6G) — 6G) P+ [¥G) — vO) P- 


Applying the law of the mean for derivatives to each of the differ- 
ences f(t,) —f(%), -::, we obtain the formula 


c=(h—t) VIP E+ bP?) +470; 
where the three numbers , , belong to the interval (¢, ¢,). By 
the above calculation the difference of the two radicals is less than e, 
provided that the oscillation of each of the functions f'(¢), $'(¢), y'(4) 
is less than ¢/3 in the interval (¢), 4). Consequently we have 


s&s — Org e(4 == to), 
or, finally, 


c € 


= <e = : 
STORRS OES tC), 

If the are M, M, is infinitesimal, ¢,— ¢, approaches zero; hence e«, 
and therefore also 1— ¢/s, approaches zero. It follows that the ratio 
of an infinitesimal arc to its chord approaches unity as its limit. 
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Example. Let us find the length of an arc of a plane curve whose 
equation in polar coérdinates is p = f(w). Taking w as independent 
variable, the curve is represented by the three equations x = p Cos a, 
y=p sine, z= 0; hence 


ds? = dx” + dy? =(COS dp — pSinw dw)? + (sin w dp + p COSw dw)’, 


or, simplifying, 
ds? = dp” + p' dw”. 


Let us consider, for instance, the cardioid, whose equation is 
p= R+ Rk Cos w. 
By the preceding formula we have 
ds? = R*dw®[sin?w + (1+ cos w)?] =4 R? cos? . dw, 


or, letting » vary from 0 to 7 only, 
@ 


ds = 2 R cos 5 


dw; 
and the length of the arc is 


(4 R sin *) ) 


where w, and w, are the polar angles which correspond to the extrem- 
ities of the arc. The total length of the curve is therefore 8 R. 


81. Direction cosines. In studying the properties of a curve we are 
often led to take the arc itself as the independent variable. Let us 
choose a certain sense along the curve as positive, and denote by s 
the length of the arc AM between a certain fixed point A and a vari- 
able point M, the sign being taken + or — according as M lies in 
the positive or in the negative direction from A. At any point M 
of the curve let us take the direction of the tangent which coincides 
with the direction in which the arc is increasing, and let a, B, y be 
the angles which this direction makes with the positive directions 
of the three rectangular axes Ox, Oy, Oz. Then we shall have the 
following relations : 


cosa@  cosB cosy a ad 
dx dy dz Vda? + dy? + de ds 


To find which sign to take, suppose that the positive direction of 
the tangent makes an acute angle with the a axis; then wands 
increase simultaneously, and the sign + should be taken. If the 
angle a is obtuse, cos a is negative, « decreases as s increases, dx /ds 
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is negative, and the sign + should be taken again. Hence in any 
case the following formule hold: 
dx dy dz 
a = — = —% Pan ec 
(10) COS a = cos B Aes C8) ee 


where dx, dy, dz, ds are differentials taken with respect to the same 
independent variable, which is otherwise arbitrary. 


82. Variation of a segment of a straight line. Let 17M, be a segment 
of a straight line whose extremities describe two curves C, C;. On 
each of the two curves let us choose a 
point as origin and a positive sense of 
motion, and let us adopt the follow- 
ing notation: s, the arc AM; s,, the are 
A,M,, — the two arcs being taken with 
the same sign ; Z, the length /M,; 6, the 
angle between 7M, and the positive di- 
rection of the tangent M7’; 6,, the angle 
between M, M and the positive direction 
of the tangent M”,7,. We proceed to 
try to find a relation between 6, 6, and the differentials ds, ds,, dl. 

Let (a, y, #), (41) Yi, #1) be the codrdinates of the points M, M,, 
respectively, a, 8, y the direction angles of M7, and a, f,, y; the 
direction angles of M,7,. Then we have 


Ucar P aecsfeet sta eels) ae Rae), 
from which we may derive the formula 
idl = (« —x,)(dx — day) + (y — 7) (dy — dy) + (2 — &) (de — dz), 


which, by means of the formule (10) and the analogous formule 
for C,, may be written in the form 


Fia. 12 


z— Ry 


d= (2 Feo a + FH eos B+ cos) ds 


2 — 2 


+ (ae cos a, + Z ay Z cos B+ 7 — 60s n) ds,. 


But (a — a) /1l, (y—%1)/4 (# — *%1) // are the direction cosines of 
M, M, and consequently the coefficient of ds is — cos 6. Likewise 
the coefficient of ds, is — cos @; hence the desired relation is 

(10') dl = — ds cos 6 — ds, Gos 6). 


We shall make frequent applications of this formula; one such we 
proceed to discuss immediately. 
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83. Theorems of Graves and of Chasles. Let H and E’ be two confocal ellipses, 
and let the two tangents MA, MB to the interior ellipse H be drawn from a point 
M, which lies on the exterior ellipse H’.. The 


DM difference MA + MB — arc ANB remains con- 
=> stant as the point M describes the ellipse L’. 

Jaa on Let s and s’ denote the arcs OA and OB, 

o the arc O’M, 1 and VU the distances AM and 

BM, @ the angle between MB and the positive 

direction of the tangent MT. Since the ellipses 


are confocal the angle between MA and MT is 
equal to z— 6. Noting that AM coincides 
with the positive direction of the tangent at A, 
and that BM is the negative direction of the tangent at B, we find from the 
formula (10), successively, 


Fic. 13 


dl = —ds + docosé, 
d’ = ds’ —decos6; 
whence, adding, 
d(l+V) =d(s' —s) =d(arc ANB), 


which proves the proposition stated above. 

The above theorem is due to an English geometrician, Graves. The following 
theorem, discovered by Chasles, may be proved in a similar manner. Given an 
ellipse and a confocal hyperbola which meets it at NV. If from a point M on that 
branch of the hyperbola which passes through N the two tangents MA and MB 
be drawn to the ellipse, the difference of the arcs NA — NB will be equal to the 
difference of the tangents MA — MB. 


UL CHANGE OF VARIABLE INTEGRATION BY PARTS 


A large number of definite integrals which cannot be evaluated 
directly yield to the two general processes which we shall discuss 
in this section. 


84. Change of variable. If in the definite integral is f(x) dx the 
variable x be replaced by a new independent variable ¢t by means 
of the substitution « = g(t), a new definite integral is obtained. 
Let us suppose that the function ¢(¢) is continuous and possesses a 
continuous derivative between a and £, and that $(¢) proceeds from 
a to 6 without changing sense as ¢ goes from a to B. 

The interval (a, 8) having been broken up into subintervals by 
the intermediate values a, t,, t2, ++, t,_1) B, let @, %, %o.-**, ®_1, 0 
be the corresponding values of x = $(¢). Then, by the law of the 
mean, we shall have j 


CES ie | (t; a t;-1) $'(4;) , 


where 6; lies between ¢;_,; and t;. Let €;= $(6,) be the corresponding 
value of « which lies between 2;_, and a;. Then the sum 
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FE) 1 — &) + IE) 2 — 1) + +E) OG — By —1) 
approaches the given definite integral as its limit. But this sum 
may also be written 


F[$(4)16'O) (4 — &) +++ + [6(6)19'(6) (& — Gar) Fs 


and in this form we see that it approaches the new definite integral 


8 
[ste@lewmae 
as its limit. This establishes the equality 
> B 
(11) f fede =f POO Oae, 


which is called the formula for the change of variable. It is to 
be observed that the new differential under the sign of integration 
is obtained by replacing x and dz in the differential f(a) da by their 
values $(¢) and \(t) dt, while the new limits of integration are the 
values of ¢ which correspond to the old limits. By a suitable choice 
of the function ¢(¢) the new integral may turn out to be easier to 
evaluate than the old, but it is impossible to lay down any definite 
rules in the matter. 
Let us take the definite integral 


for instance, and let us make the substitution c=a+ft. It 
becomes 


iP & = ss | at ae (are tan ¢ + arc tan ;) 
0 @—aPt Rh BJel+# B By’ 


or, returning to the variable z, 


; (are tan ne + are tan <), 

Not all the hypotheses made in establishing the formula (11) were 
necessary. Thus it is not necessary that the function $(¢) should 
always move in the same sense as ¢ varies from a to 8. For defi- 
niteness let us suppose that as ¢ increases from a to y (y< 8), $(¢) 
steadily increases from @ to ¢ (ec >); then as ¢ increases from y to 
8, $(t) decreases from ¢ to b. If the function f(a) is continuous in 
the interval (a, ¢), the formula may be applied to each of the inter- 
vals (a, ¢), (¢, 6), which gives 


168 DEFINITE INTEGRALS LIV, § 84 


[sear =| F901 $'(t) dt, 
B 
S(@) dx = [ slo@lsou, 


or, adding, 
B 
fade =f floMlooat 


On the other hand, it is quite necessary that the function ¢(¢) 
should be uniquely defined for all values of ¢. If this condition be 
disregarded, fallacies may arise. For instance, if the formula be 
applied to the integral Ges using the transformation x = ¢°/?, 
we should be led to write 


ft =f 3 Vi dt, 


which is evidently incorrect, since the second integral vanishes. In 
order to apply the formula correctly we must divide the interval 
(—1, +1) into the two intervals (—1, 0), (0,1). In the first of 
these we should take « =— -V?* and let ¢ vary from 1 to 0. In the 
second half interval we should take a = -V¢* and let ¢ vary from 
0 to 1. We then find a correct result, namely 


a 
Ae de =8 [Vide = [20], =2. 


Note. If the upper limits 4 and B be replaced by x and ¢ in the 
formula (11), it becomes 


[ Hoa = [ s(s@le ae 


which shows that the transformation x = ¢(t) carries a function 
F(a), whose derivative is f(x), into a function (¢) whose derivative 
is f[¢@)]¢'(4). This also follows at once from the formula for the 
derivative of a function of a function. Hence we may write, in 
general, 


freee = f Ftamls@ae, 


which is the formula for the change of variable in indefinite 
integrals. 
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85. Integration by parts. Let uw and v be two functions which, 
together with their derivatives w' and v', are continuous between a 
and 6. Then we have 


whence, integrating both sides of this equation, we find 


afc LOY) a ce re 


This may be written in the form 


(12) f udv =[w]} — if ee 


where the symbol [F(«)]? denotes, in general, the difference 
F(b) — F(a). 
If we replace the limit 4 by a variable limit x, but keep the limit a 


constant, which amounts to passing from definite to indefinite inte- 
grals, this formula becomes 


(13) [redo = ww — frodu 


Thus the calculation of the integral fwdv is reduced to the cal- 
culation of the integral fwvdu, which may be easier. Let us try, 
for example, to calculate the definite integral 


b 
ff 2 oge ae, m+1+# 0. 


Setting wu = loga, v = x”*!/(m +1), the formula (12) gives 


i a™+llog a |” i ; 
ff r0¢2. ae =| = 82) 4 fs dx 

s, at loge _ Poe 

i, m+1 (m +1)? Ja 


This formula is not applicable if m+1=0; in that particular 


case we have 
b 6 
Ca ul 
ify log x —— =|3 (log x) il 


It is possible to generalize the formula (12). Let the succes- 
sive derivatives of the two functions w and v be represented by 
u', ul, ++, uetD; v!, vl, ..., vet, Then the application of the 
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- formula (12) to the integrals f udu, fuldve-, .-+ leads to the 
following equations : 


b b a 
ip uv? Yan = i udyv =[u™P  — i uv dx, 
a a a 
b b b 
f wea =| u'dye-) = flee —D7? -f ul'y@-Dda, 
a a a 


b b b 
if UMvde = i udyv =[uvpP — i UP Dey dar. 
Multiplying these equations through by +1 and —1 alternately, 
and then adding, we find the formula 


b 
es iL Uv *D dz =[uv™ — ulv@—Y +4 uly) —...4+ (— 1)*umy]? 
( a 


b 
tay [ ut Dy dz, 


which reduces the calculation of the integral ‘i uv+) dx to the cal- 
culation of the integral fu+ vdz. 

In particular this formula applies when the function under the 
integral sign is the product of a polynomial of at most the mth 
degree and the derivative of order (7 +1) of a known function v. 
For then wu”+» = 0, and the second member contains no integral 
signs. Suppose, for instance, that we wished to evaluate the definite 


f exreoyas 


where f(x) isa polynomial of degreen. Setting w= f(x), v=e?*/u"*, 
the formula (14) takes the following form after e** has been taken 
out as a factor : 


a5) fem r@ar= fer FO_LO 44 ay R@]"". 


ott 


integral 


The same method, or, what amounts to the same thing, a series of 
integrations by parts, enables us to evaluate the definite integrals 


b b 
i cos ma f(x) da, ip sin ma f(x) da, 


where f(x) is a polynomial. 
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86. Taylor’s series with a remainder. In the formula (14) let us 
replace w by a function F(x) which, together with its first n +1 
derivatives, is continuous between « and 6, and let us set v= (b— a)”. 
Then we have 


=a nb—a-, W=n@—1)(ob—2)-*% =, 
OO tae yt Nene ne rine nes ie (), 


and, noticing that v, v', uv’, -.-, v’-) vanish for « = b, we obtain the 
following equation from the general formula: 


0 =(— 1y"| tee) — n! F(a) — n!F'(a) (6 —a) 
— FEM) = a= FO) 6-0) | 
+ (tpt [FeO @ 0 —ayrde, 


which leads to the equation 
b—a a 
F(6) = F(@) + = F'(a)+.--- 
A b 
- fa F(a) + “ i) FO+) (a) (b — «da. 


Since the factor (> — x)” keeps the same sign as x varies from a to 
b, we may apply the law of the mean to the integral on the right, 
which gives 


[rr (6 — x)"da = worn f (6 — x)" dx 
a a 1 Md 
ae 


G= a)'+1PO+y (£), 


where € lies between a and }. Substituting this value in the preced- 
ing equation, we find again exactly Taylor’s formula, with Lagrange’s 
form of the remainder. 


87. Transcendental character of e. From the formula (15) we can prove a 
famous theorem due to Hermite: The number e is not a root of any algebraic 
equation whose coefficients are all integers.* 

Setting a = 0 and w = — 1 in the formula (15), it becomes 


Y b 
fl e-#f@)dx = — [e- F@))}, 


* The present proof is due to D. Hilbert. who drew his inspiration from the method 
used by Hermite. 
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where 
F(t) =f (x) +f/(@) +++» +f (@); 


and this again may be written in the form 
b 
(16) F(b) = & F(0) — & [ F(a)e-ede. 


Now let us suppose that e were the root of an algebraic equation whose coefti- 
cients are all integers: 
Co + c1e + Coe? + +++ +Cme™= 0. 


Then, setting 6 = 0, 1, 2,---, m, successively, in the formula (16), and adding 
the results obtained, after multiplying them respectively by co, C1, --+, Cm, We 
obtain the equation 


(17) ¢0F(0) +e F(1) ++ ++ + Cm F(m) + cei [ F(c)e-ede =10; 
i=0 


where the index i takes on only the integral values 0, 1, 2,---, m. We proceed 
to show that such a relation is impossible if the polynomial f(x), which is up to’ 
the present arbitrary, be properly chosen. 

Let us choose it as follows: 


HC) = ee rai e — 1)? (w@ — 2)P-.-(@ —m)?P, 

Get)! 
where p is a prime number greater than m. This polynomial is of degree 
mp + p—1, and all of the coefficients of its successive derivatives past the pth 
are integral multiples of p, since the product of p successive integers is divisible 
by p!. Moreover f(x), together with its first (j —1) derivatives, vanishes for 
= 1, 2,---, m, and it follows that F(1), F(2), ---, F(m) are all integral mul- 
tiples of p. It only remains to calculate F'(0), that is, 


F(0) =f(0) + 7/0) +--+ + f@-Y (0) + (0) + f@+YN (0) +e 


In the first place, f(0) = f’(0) =--- = f(-% (0) = 0, while /() (0), f+) (0), --- 
are all integral multiples’of p, as we have just shown. To find f(»-) (0) we need 
only multiply the coefficient of a?—! in f(a) by (p — 1)!, which gives + (1.2---m)p. 
Hence the sum 

Co F (0) + 4 F(1) +--+ + em F(m) 


is equal to an integral multiple of p increased by 
+ co(1.2+-+m)P. 


If p be taken greater than either m or co, the above number cannot be divisible 
by p; hence the first portion of the sum (17) will be an integer different from zero. 
We shall now show that the sum 


Yow fre ear da 


can bemade smaller than any preassigned quantity by taking p sufficiently large. 
As x varies from 0 to i each factor of f(x) is less than m; hence we have 
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"@) <a 1 am +p-1, 


p—1)! 
fF@) x 1 +p-1 : d 1 eye 
x) e—*dax | << ——____ m™P + p- fee eo < ————__ mp + p- 
| 0 (p—D! 0 Si 
from which it follows that 
t mp+p—1 
Deve! ff (@)e-*da 2) | aS SE HES 
0 (= 1) 


where M is an upper limit of |co| + ]¢1|+---+|cn|. As p increases indefi- 
nitely the function ¢(p) approaches zero, for it is the general term of a conver- 
gent series in which the ratio of one term to the preceding approaches zero. It 
follows that we can find a prime number p so large that the equation (17) is 
impossible; hence Hermite’s theorem is proved. 


88. Legendre’s polynomials. Let us consider the integral 
b 
Jf QPndz, 
a 


where P,,(x) is a polynomial of degree m and Q is a polynomial of degree less 
than n, and let us try to determine P,,(x) in such a way that the integral van- 
ishes for any polynomial @. We may consider P,, (x) as the nth derivative of a 
polynomial R of degree 2n, and this polynomial R is not completely determined, 
for we may add to it an arbitrary polynomial of degree (n — 1) without changing 
its nth derivative. We may therefore set B,= d"R/dx”, where the polynomial R, 
together with its first (x —1) derivatives, vanishes for x=a. But. integrating 
by parts we find 


n— 1 n —2 n—1 
[mma 2 -[ 04 BN, Patten We hy Orato 


dx” dgn-1 dan-2 dan 
and since, by hypothesis, 
Tea) —=105 TEA) i108 eey Re-V (a) =0, 
the expression 
Q(b) R&D (0) — Q'(b) R—% (B) + ++» + QV—Y() R(O) 
must also vanish if the integral is to vanish. 


Since the polynomial Q of degree n — 1 is to be arbitrary, the quantities 
Q(b), Q(b), +++, Q%—)(b) are themselves arbitrary; hence we must also have 


R(b) = 0, R(b) = 0, seey R@-YD (b) = 0. 
The polynomial R (x) is therefore equal, save for a constant factor, to the product 


(a — a)" (x — b)”; and the required polynomial P, (x) is completely determined, 
save for a constant factor, in the form 


(x — b)”] 


If the limits a and 6 are —1 and + 1, respectively, the polynomials P,, are 
Legendre’s polynomials. Choosing the constant C with Legendre, we will set 


See ar 1"), 


bi 
(38) ""9.4.6+--2n dan 
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If we also agree to set Xo = 1, we shall have 


oes Byes 
32 is 56 Be 2o 
Y) 2; 


AG = 1h Xian s AQ = 


In general, XY, is a polynomial of degree n, all the exponents of x being even or 
odd with n. Leibniz’ formula for the nth derivative of a product of two factors 
(§ 17) gives at once the formule 


(19) X0)=1,.. G(=Daka Ds 


By the general property established above, 


+1 
(20) fi X,, 6(x) dz = 0, 
=i 
where ¢(x) is any polynomial of degree less than n. In particular, if m and n 
are two different integers, we shall always have 


ae] 
(21) i XnXn dx = 0. 
=1 
This formula enables us to establish a very simple recurrent formula between 
three successive polynomials X,. Observing that any polynomial of degree n 
can be written as a linear function of Xo, Xi, ---, X,, it is clear that we may set 


Xn = CoXn41 + C1Xn + CoXn-1 + Cg Xn-2+-::, 


where Co, Ci, Co, --- are constants. In order to find C3, for example, let us 
multiply both sides of this equation by X,-2, and then integrate between the 
limits —land+1. By virtue of (20) and (21), all that remains is 


+1 a 
Co f X?_,de=0, 
-—l1 


and hence C;=0. It may be shown in the same manner that C,=0, C;=0,---. 
The coefficient C; is zero also, since the product xX, does not contain a”. Finally, 
to find Cp and Cz, we need only equate the coeflicients of «*+1 and then equate 
the two sides forx=1. Doing this, we obtain the recurrent formula 


(22) (n+ 1) Xn41 — (2n4+1) eX, + nX,_-1=0, 


which affords a simple means of calculating the polynomials X,, successively. 
The relation (22) shows that the sequence of polynomials 


(23) Xo, Xi, Xe, Goes Xn, 


possesses the properties of a Sturm sequence. As x varies continuously from — 1 
to + 1, the number of changes of sign in this sequence is unaltered except when 
x passes through a root of X,=0. But the formule (19) show that there are n 
changes of sign in the sequence (23) for e=—1, and none for%=1. Hence 
the equation X, = 0 has n real roots between — 1 and + 1, which also readily 
follows from Rolle’s theorem. 
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IV. GENERALIZATIONS OF THE IDEA OF AN INTEGRAL 
IMPROPER INTEGRALS LINE INTEGRALS * 


89. The integrand becomes infinite. Up to the present we have sup- 
posed that the integrand remained finite between the limits of inte- 
gration. In certain cases, however, the definition may be extended 
to functions which become infinite between the limits. Let us first 
consider the following particular case: f() is continuous for every 
value of x which lies between a and 6, and for x = 8, but it becomes 
infinite for «=a. We will suppose for definiteness that a<b. 
Then the integral of f(x) taken between the limits a+ e and 
b («>0) has a definite value, no matter how small « be taken. If 
this integral approaches a limit as e approaches zero, it is usual and 
natural to denote that limit by the symbol 


[rode 


If a primitive of f(x), say F(x), be known, we may write 


; (Lae = F(b) — FG €)., 


ate 
and it is sufficient to examine F(a + e) for convergence toward a 
limit as « approaches zero. We have, for example, 


: Midas. Me ee Boer Be 
Poe ay p—l (b — a)" eal |? b& F 


If » >1, the term 1/e*~' increases indefinitely as « approaches zero. 
But if w is less than unity, we may write 1/e*~'=«'", and it is 
clear that this term approaches zero with e«. Hence in this case 
the definite integral approaches a limit, and we may write 


> Mdx _ M(b—a)i-* 
a (= ae 1l—p 


b 
ne Made — ar tog(*=), 
ate — & € 


and the right-hand side increases indefinitely when e approaches zero. 
To sum up, the necessary and sufficient condition that the given inte- 
gral should approach a limit is that p should be less than unity. 


If » =1, we have 


*It is possible, if desired, to read the next chapter before reading the closing sec- 
tions of this chapter. : 
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The straight line =a is an asymptote of the curve whose equa- 
tion is 
eens 
Bons (x — aj’ 


if » is positive. It follows from the above that the area bounded by 
the x axis, the fixed line « = 8, the curve, and its asymptote, has a 
finite value provided that p< 1. 

If a primitive of f(x) is not known, we may compare the given 
integral with known integrals. The above integral is usually taken 
as a comparison integral, which leads to certain practical rules which 
are sufficient in many cases. In the first place, the upper limit } 
does not enter into the reasoning, since everything depends upon the 
manner in which f(«) becomes infinite fora =a. We may therefore 
replace 6 by any number whatever between a and 6, which amounts 
to writing lie. =e die In particular, unless f(x) has an infi- 
nite number of roots near « =a, we may suppose that f(x) keeps 
the same sign between a and ¢. 

We will first prove the following lemma: 


Let (x) be a function which is positive in the interval (a, b), 
and suppose that the integral [. ° P (2) dx approaches a limit as ¢ 
approaches zero. Then, if |f(x)|<$(«) throughout the whole inter- 
val, the definite integral pace J (a) dx also approaches a limit. 


If f(#) is positive throughout the interval (a, 5), the demonstration 
is immediate. For, since f(a) is less than $(a), we have 


[ £@ da <f 3@ da. 


Moreover f sat J (x) dx increases as « diminishes, since all of its ele- 
ments are positive. But the above inequality shows that it is con- 
stantly less than the second integral; hence it also approaches a 
limit. If f(@) were always negative between a and 8, it would 
be necessary merely to change the sign of each element. Finally, 
if the function f(@) has an infinite number of roots near « = a, we 
may write down the equation 


[eae -{ e+ | F(@) [Jae —f 7@) |x 


The second integral on the right approaches a limit, since 
\f(@)|<$(x). Now the function f(x) + |f(x)| is either positive 
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or zero between a and 4, and its value cannot exceed 2$(x); hence 
the integral 


J @+\¢@ [120 


also approaches a limit, and the lemma is proved. 

It follows from the above that if a function f(x) does not approach 
any limit whatever for « = a, but always remains less than a fixed 
number, the integral approaches a limit. Thus the integral 
fi sin(1/x) da has a perfectly definite value. 


Practical rule. Suppose that the function f(x) can be written in 
the form 


Revi 
foe ae 


where the function y(a) remains finite when x approaches a. 


If w<1 and the function w(x) remains less in absolute value than 
a fixed number M, the integral approaches a limit. But if p21 and 
the absolute value of w(x) is greater than a positive number m, the 
integral approaches no limit. 


The first part of the theorem is very easy to prove, for the abso- 
lute value of f(a) is less than M/(« — a)", and the integral of the 
latter function approaches a limit, since «<1. 

In order to prove the second part, let us first observe that y (x) 
keeps the same sign near 2 =a, since its absolute value always 
exceeds a positive number m. We shall suppose that y(a) > 0 
between a and 6. Then we may write 


ie Fa)de> J —. 


and the second integral increases indefinitely as « decreases. 

These rules are sufficient for all cases in which we can find an 
exponent » such that the product (« —a)"f(x) approaches, for 
x =a, a limit K different from zero. If p» is less than unity, the 
limit 6 may be taken so near a that the inequality 


L 
PO Gaye 


holds inside the interval (a, 6), where L is a positive number greater 
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than|K|. Hence the integral approaches a limit. On the other hand, 
if «21, d may be taken so near to @ that 


l 
ON Aare 


inside the interval (a, 6), where / is a positive number less than | K |. 
Moreover the function f(x), being continuous, keeps the same sign ; 
hence the integral [ Hae f(x) dx increases indefinitely in absolute 
value.* 


Examples. Let f(x) = P/Q be a rational function. If a is a root 
of order m of the denominator, the product (a — a)” f(a) approaches 
a limit different from zero for «=a. Since m is at least equal to 
unity, it is clear that the integral ane) dx increases beyond all 
limit as e approaches zero. But if we consider the function 


P@) 
1D eh a ee 
fe) VR(a) 
where P and R are two polynomials and R(x) is prime to its deriv- 
ative, the product (« — a)'/?f(#) approaches a limit for «=a if a 
is a root of R(a), and the integral itself approaches a limit. Thus 
the integral 


: dx 


—-l+e / ( oe 


approaches 7/2 as « approaches zero. 

Again, consider the integral f ‘logadx. The product «/? loga 
has the limit zero. Starting with a sufficiently small value of 2, we 
may therefore write log a < Ma~!/?, where M is a positive number 
chosen at random. Hence the integral approaches a limit. 

Everything which has been stated for the lower limit a may be 
repeated without modification for the upper limit 6. If the function 
J (x) is infinite for «=, we would define the integral £F@) dx to be 
the limit of the integral (oe fie) dx as e' approaches zero. If f(x) 
is infinite at each limit, we would define oe (x) dz as the limit of 
the integral [/ anes (a) dw as « and e’ both approach zero independ- 
ently of each other. Let ¢ be any number between a and >. Then 
we may write 


*The first part of the proposition may also be stated as follows: the integral has 
a limit if an exponent u can be found (<u <1) such that the product (7 — a)! f (x) 
approaches a limit A as w approaches a,— the case where A = 0 not being excluded. 
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[Fou = [fae +f $@de, 


and each of the integrals on the right should approach a limit in 
this case. 

Finally, if f(«) becomes infinite for a value c between a and 8, 
we would define the integral 1 J (x)dxz as the sum of the limits of 
the two integrals [°~ *f (a) dx, ee) dx, and we would proceed 
in a similar manner if any number of discontinuities whatever lay 
between a and 0. 

It should be noted that the fundamental formula (6), which was 
established under the assumption that f(x) was continuous between 
a and 2, still holds when f(a) becomes infinite between these limits, 
provided that the primitive function F(x) remains continuous. For 
the sake of definiteness let us suppose that the function f(x) becomes 
infinite for just one value c between a and 6. Then we have 


[s@ae=iim [ F@ae sii [. se@yae: 


and if F(a) is a primitive of f(a), this may be written as follows: 


[ s@ae = uae F(c — e')— F(a)+ F(b)— ae F(e+e). 


Since the function F(x) is supposed continuous for « = c, F'(¢ + e) 
and F(e —e') have the same limit F'(c), and the formula again 
becomes 


[ 1@ dx = F(b)— F(a). 


The following example is illustrative : 


+) dx sq+i 
ic oe _, = 6. 


If the primitive function F(x) itself becomes infinite between a and 
b, the formula ceases to hold, for the integral on the left has as yet 
no meaning in that case. 

The formule for change of variable and for integration by parts 
may be extended to the new kinds of integrals in a similar manner 
by considering them as the limits of ordinary integrals. 


90. Infinite limits of integration. Let f(a) be a function of # which 
is continuous for all values of x greater than a certain number «a. 
Then the integral fs : J («)d«x, where /> a, has a definite value, no 
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matter how large 7 be taken. If this integral approaches a limit 
as Z increases indefinitely, that limit is represented by the symbol 


+0 


| J (@) dex. 


If a primitive of f(x) be known, it is easy to decide whether the 
integral approaches a limit. For instance, in the example . 


" da 
f por metan 
>» +a 


the right-hand side approaches 7/2 as / increases indefinitely, and 
this is expressed by writing the equation 


+a de at 
P 1D 


Likewise, if a is positive and 4 —1 is different from zero, we have 


"hk dx k 1 1 
be Orbe alae pe ati} 


If » is greater than unity, the right-hand side approaches a limit as 
J increases indefinitely, and we may write 


ia kdzx k 
). at (4 —1)ar} 


On the other hand, if » is less than one, the integral increases indefi- 
nitely with 7. The same is true for »=1, for the integral then 
results in a logarithm. 

When no primitive of f(#) is known, we again proceed by com- 
parison, noting that the lower limit a may be taken as large as we 
please. Our work will be based upon the following lemma: 


Let p(x) be a function which is positive for x > a, and suppose that 
the integral if: ‘ (a) dx approaches alimit. Then the integral 1p: ’f (x) da 
also approaches a limit provided that | f(x)|S (x) for all values of 
x greater than a. 


The proof of this proposition is exactly similar to that given above. 
If the function f(x) can be put into the form 


fa) =*2, 


ac 


¢ 
where the function y(«) remains finite when 2 is infinite, the follow- 
ing theorems can be demonstrated, but we shall merely state them 


IV, §91] IMPROPER AND LINE INTEGRALS 181 


If the absolute value of W(x) is less than a fined number M and 
pu ws greater than unity, the integral approaches a limit. 

If the absolute value of (a) is greater than a positive number m 
and pu. is less than or equal to unity, the integral approaches no limit. 


For instanée, the integral 


1 
COS ax 

d 

if ee ee +4 


approaches a limit, for the integrand may be written 


cosax 1 cosax 
Cie ap her a e ye 
1+<¢2 x 144 


? 


and the coefficient of 1/z? is less than unity in absolute value. 

The above rule is sufficient whenever we can find a positive num- 
ber » for which the product «“ f(«) approaches a limit different from 
zero aS x becomes infinite. The integral approaches a limit if p» is 
greater than unity, but it approaches no limit if » is less than or 
equal to unity.* 

For example, the necessary and sufficient condition that the inte- 
gral of a rational fraction approach a limit when the upper hmit 
increases indefinitely is that the degree of the denominator should 
exceed that of the numerator by at least two units. Finally, if we 
take 


where P and R are two polynomials of degree p and 7, respectively, 
the product x’/*-” f(a) approaches a limit different from zero when 
x becomes infinite. The necessary and sufficient condition that the 
integral approach a limit is that p be less than r/2 —1. 


91. The rules stated above are not always sufficient for determin- 
ing whether or not an integral approaches a limit. In the example 
J () = (sin x)/a, for instance, the product x" f(a) approaches zero if 
p is less than one, and can take on values greater than any given 
number if » is greater than one. If » =1, it oscillates between +1 
and —1. None of the above rules apply, but the integral does ap- 
proach a limit. Let us consider the slightly more general integral] 


* The integral also approaches a limit if the product x / (x) (where “> 1) approaches 
zero as x becomes infinite. 
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The integrand changes sign for 2 = km. We are therefore led ts 
study the alternating series 


(24) dy — & + ag —A3+---+(—1)"a, +-::, 


where the notation used is the following : 


T . 2Qar : 
sin x sin x 
On =) eae dx, ay =-{ e7 ee dx, rey 
0 x Ps x 
+1)7 . 
Cade PSiticc 
Ca = 00 
nr % 


Substituting y + 7 for x, the general term a, may be written 


‘i sin 
a= ety — nan a et ad 
a=) ee 


It is evident that the integrand decreases as n increases, and hence 
Q,41<4%,- Moreover the general term a, is less than bf "(1/nr) dy, 
that is, than 1/n. Hence the above series is convergent, since the 
absolute values of the terms decrease as we proceed in the series, 
and the general term approaches zero. If the upper limit 7 hes 
between nm and (n+ 1)7, we shall have 


(Bho 


i A 
Ap ia de = SizGaae | O08 <A, 
0 


where S, denotes the sum of the first » terms of the series (24). As 
l increases indefinitely, m does the same, a, approaches zero, and the 
integral approaches the sum S of the series (24). 

In a similar manner it may be shown that the integrals 


+0 +o 
f sin 2?da, f cos x7dz, 
0 0 


which occur in the theory of diffraction, each have finite values. 
The curve y = sin x”, for example, has the undulating form of a sine 
curve, but the undulations become sharper and sharper as we go out, 


since the difference \/(m + 1) a — ./n7 of two consecutive roots of 
sin 2 approaches zero as n increases indefinitely. 


Remark. This last example gives rise to an interesting remark. Asx increases 
indefinitely sin x oscillates between —1 and +1. Hence an integral may 
approach a limit even if the integrand does not approach zero, that is, even if 
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the x axis is not an asymptote to the curve y = f(x). The following is an example 
of the same kind in which the function f(x) does not change sign. The function 


ay 
1+ 2 sin? 


S(@) = 
remains positive when a is positive, and it does not approach zero, since 
S(kx) = kx. In order to show that the integral approaches ’a limit, let us con- 


sider, as above, the series 
WS OR Se DOO GS Ors a S00 OF, 


@+)r 
y x dx 
om jee aines 
ie 1+ 2° sin?a 


As x varies from nz to (n + 1) z, x® is constantly greater than néz®, and we may 


write 
(n+1)7 
dz 
Qn<(n+1)z Sa Stee st 
pes 14+ n° 7° sin? 


where 


A primitive function of the new integrand is 
—_—___ arc tan (V1+ n°? tanz) 
V1+ nox ‘ 


and as x varies from nz to (n+ 1)7z, tanz becomes infinite just once, passing 
from +0 to —o. Hence the new integral is equal (§ 77) to z/V1+ n° x6, and 
we have 


(n+ 1)? _ (n+) 
Vi+tnix nx 


An < 


It follows that the series Za, is convergent, and hence the integral aM J (x) dx 
approaches a limit. 

On the other hand, it is evident that the integral cannot approach any limit 
if f(x) approaches a limit A different from zero when x becomes infinite. For 
beyond a certain value of a, f(x) will be greater than |h/2| in absolute value 
and will not change sign. 

The preceding developments bear a close analogy to the treatment of infinite 
series. The intimate connection which exists between these two theories is 
brought out by a theorem of Cauchy’s which will be considered later (Chapter 
VIII). We shall then also find new criteria which will enable us to determine 
whether or not an integral approaches a limit in more general cases than those 
treated above. 


92. The function I'(a). The definite integral 

+0 
25 I'(a) = aa Cm HOS 
(25) (a) =f. 


has a determinate value provided that a is positive. 
For, let us consider the two integrals 


1 7 
4h ae Com. if x¢—-le-<dz, 
€ 1 
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where e is a very small positive number and 1 is a very large positive number. 
The second integral always approaches a limit, for past a sufficiently large value 
of @ we have a¢-1e-* <1/2?, that is, e*>a*+1, As for the first integral, the 
product #!—« f(x) approaches the limit 1 as « approaches zero, and the necessary 
and sufficient condition that the integral approach a limit is that 1 — a be less 
than unity, that is, that @ be positive. Let us suppose this condition satisfied. 
Then the sum of these two limits is the function (a), which is also called Huler’s 
integral of the second kind. This function I'(a) becomes infinite as a approaches 
zero, it is positive when a is positive, and it becomes infinite with a. It has 
a minimum for a =1.4616321---, and the corresponding value of I(a) is 
0.8856032.---. 

Let us suppose that a>1, and integrate by parts, considering e~*da as the 
differential of — e-*. This gives 


+a 
T'(a) =— [ee-le-a]r@ + (a — ipl BIA N GAL tp 
0) 


but the product 2¢-1e-* vanishes at both limits, since a >1, and there remains 
only the formula 
(26) I'(a) = (a —1)T(a —1). 


The repeated application of this formula reduces the calculation of I'(a) to 
the case in which the argument a lies between 0 and 1. Moreover it is easy to 
determine the value of (a) when a is an integer. For, in the first place, 


+0 
rl) =f e-#dx =—[e-#]** =1, 


and the foregoing formula therefore gives, for a = 2, 3,---,n---, 
and, in general, if n is a positive integer, 


(27) T'(n) =1.2.3---(n—1)=(n—1)}. 


93. Line integrals. Let AB be an arc of a continuous plane curve, 
and let P(#, y) be a continuous function of the two variables x and 
y along AB, where x and y denote the codrdinates of a point of AB 
with respect to a set of axes in its plane. On the are AB let us 
take a certain number of points of division m,, mg, ---,m;, -+-, whose 
coérdinates are (1, 1), (25 Yo), ***) (Ws) Y;)) +++» and then upon each 
of the arcs m;_,m; let us choose another point n; (&, y;) at random. 
Finally, let us consider the sum 


RE, m1) (ay = a) or P(é, n2) (a = ay) xi ies 
(28) 
+ PCE) Hi) (@; — B-1) +-°° 
extended over all these partial intervals. When the number of points 


of division is increased indefinitely in such a way that each of the 
differences x; — ,_, approaches zero, the above sum approaches a 
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limit which is called the line integral of P(a, y) extended over the 
arc AB, and which is represented by the symbol 


f P(x, y)dx. 
AB 


In order to establish the existence of this limit, let us first sup- 
pose that a line parallel to the y axis cannot meet the arc AB in 
more than one point. Let @ and b be the abscisse of the points A 
and B, respectively, and let y= (x) be the equation of the curve AB. 
Then ¢(«) is a continuous function of # in the interval (a, 6), by 
hypothesis, and if we replace y by (x) in the function P(a, y), the 
resulting function ®(a) = P[x, (a) ] is also continuous. Hence we 
have 

PEs 1) =P[E, $&)] = 2), 
and the preceding sum may therefore be written in the form 


O(E1) (@1 — @) + PEs) Ws — 1) ++ + OE) (@ — B-1) Foe 


It follows that this sum approaches as its limit the ordinary definite 


integral 
i) @(x) dx =| Pla, d(x) ]dz, 


and we have finally the formula 


if, P@ yde= i "PL, p(x) da. 


If a line parallel to the y axis can meet the are AB in more than 
one point, we should divide the are 
into several portions, each of which 
is met in but one point by any line 
parallel to the y axis. If the given 
arc is of the form ACDB (Fig. 14), 
for instance, where C and D are 
points at which the abscissa has an 
extremum, each of the arcs AC, CD, 
DB satisfies the above condition, and 
we may write 


ee y) de = [ 7 y) dee + Pe y) dee +f Pe y) de. 


But it should be noticed that in the calculation of the three integrals 
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on the right-hand side the variable y in the function P(z, y) 
must be replaced by three different functions of the variable =, 
respectively. 

Curvilinear integrals of the form js Q(x, y)dy may be defined 
in a similar manner. It is clear that these integrals reduce at once 
to ordinary definite integrals, but their usefulness justifies their 
introduction. We may also remark that the arc AB may be com- 
posed of portions of different curves, such as straight lines, arcs of 
circles, and so on. 

A case which occurs frequently in practice is that in which the 
coérdinates of a point of the curve AB are given as functions of a 
variable parameter 

x= p(t), y=), 

where (¢) and y(¢), together with their derivatives ¢'(¢) and y'(4), 
are continuous functions of ¢. We shall suppose that as ¢ varies 
from @ to B the point (a, y) describes the arc AB without changing 
the sense of its motion. Let the interval (a, 8) be divided into a 
certain number of subintervals, and let ¢;_, and ¢; be two consecu- 
tive values of ¢ to which correspond, upon the are AB, two points 
m,;_, and m; whose coordinates are (x;_,, y;_,) and (@,, y,), respec- 
tively. Then we have 


GES NED 5) $'(8;) (t; ms ti-1)» 


where 6; lies between ¢,_, and ¢;. To this value 6, there corresponds 
a point (€,, y,) of the are m,_,m,;; hence we may write 


SPE: i) (@: — %1) = =P[ (4); ¥(9;)] $'(8;) : — t;-1)) 


or, passing to the hmit, 


B 
f Pe Y) dx =f Po), Y(t) ] $'(t) ne 


An analogous formula for {@Qdy may be obtained in a similar manner. 
Adding the two, we find the formula 


B 
wf rae + aw =f [Ps + ev@Jae 


which is the formula for change of variable in line integrals. Of 
course, if the arc AB is composed of several portions of different 
curves, the functions ¢(¢) and y(f) will not have the same form 
along the whole of 48, and the formula should be applied in that 
ease to each portion separately. 
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94. Area of a closed curve. We have already defined the area of a 
portion of the plane bounded by an are 4B, a straight line which 
does not cut that arc, and the two perpendiculars 44), BB, let fall 
from the points 4 and B upon the straight line ($§ 65, 78, Fig. 9). 
Let us now consider a continuous closed curve of any shape, by 
which we shall understand the locus described by a point M whose 
coordinates are continuous functions x = f(t), y = $(¢) of a param- 
eter ¢ which assume the same values for two values ¢ and 7 of 
the parameter ¢. The functions f(f) and ¢$(¢) may have several 
distinct forms between the limits ¢ and 7; such will be the case, 
for instance, if the closed contour C be composed of portions of 
several distinct curves. Let My, M1, Mz,---,M;_1, M;,---; M,_1, Mo 
denote points upon the curve C corresponding, respectively, to the 
Walues= ty, ti; ta, °° -) tion, Gy °°2> toa 2° Of the parameter, which 
increase from ¢, to 7. Connecting these points in order by straight 
lines, we obtain a polygon inscribed in the curve. The limit 
approached by the area of this polygon, as the number of sides is 
indefinitely increased in such a way that each of them approaches 
zero, is called the area of the closed curve C.* This definition is 
seen to agree with that given in the particular case treated above. 
For if the polygon 4,4Q,Q,--- BB) A, (Fig. 9) be broken up into 
small trapezoids by lines parallel to 4A , the area of one of these 
trapezoids is (a; — x,;_,)[f(«,) + f(%_1)]/2, or (@;— 2;_,) Fé), 
where €, lies between x;_, and «;. Hence the area of the whole 
polygon, in this special case, approaches the definite integral 

Let us now consider a closed curve C which is cut in at most two 
points by any line parallel to a certain fixed direction. Let us 
choose as the axis of ya line parallel to this direction, and as the 
axis of a a line perpendicular to it, in such a way that the entire 
curve C lies in the quadrant Oy (Fig. 15). 

The points of the contour C project into a segment ad of the axis 
Ox, and any line parallel to the axis of y meets the contour C in at 
most two points, m, and m,. Let y; = W(x) and y. = ¥(a#) be the 
equations of the two ares Am,B and Am,B, respectively, and let 
us suppose for simplicity that the points A and B of the curve C 
which project into a and 6 are taken as two of the vertices of the 


* It is supposed, of course, that the curve under consideration has no double point, 
and that the sides of the polygon have been chosen so small that the polygon itself 
has no double point. 
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polygon. The area of the inscribed polygon is equal to the differ- 
ence between the areas of the two polygons formed by the lines Aa, 
ab, bB with the broken lines inscribed in the two arcs Am,B and 
Am, B, respectively. Passing to the limit, it is clear that the area 
of the curve C is equal to the difference between the two areas 
bounded by the contours Am, BbaA and Am, BbaA, respectively, that 
is, to the difference between 
the corresponding definite in- 
tegrals 


i (2) dx — i Be) dx. 


These two integrals represent 
the curvilinear integral fydx 
taken first along Am,B and 
then along Am,B. If we 
agree to say that the contour 
C is described in the positive 
sense when an observer standing upon the plane and walking around 
the curve in that sense has the enclosed area constantly on his left 
hand (the axes being taken as usual, as in the figure), then the above 
result may be expressed as follows: the area enclosed by the 
contour C is given by the formula 


(C) 


where the line integral is to be taken along the closed contour C in 
the positive sense. Since this integral is unaltered when the origin 
is moved in any way, the axes remaining parallel to their original 
positions, this same formula holds whatever be 
the position of the contour C with respect to 
the coordinate axes. 

Let us now consider a contour C of any form 
whatever. We shall suppose that it is possible 
to draw a finite number of lines connecting 
pairs of points on C in such a way that the 
resulting subcontours are each met in at most 
two points by any line parallel to the y axis. 
Such is the case for the region bounded by the 
contour C in Fig. 16, which we may divide into three subregions 
bounded by the contours amba, abndcqa, edpe, by means of the 


Fia. 15 


Fra. 16 
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transversals ab and cd. Applying the preceding formula to each 
of these subregions and adding the results thus obtained, the line 
integrals which arise from the auxiliary lines ab and cd cancel each 
other, and the area bounded by the closed curve C is still given by 
the line integral — fy dx taken along the contour C in the positive 
sense. 

Similarly, it may be shown that this same area is given by the 
formula 


(31) Oe if x dy ; 
(C) 
and finally, combining these two formule, we have 
1 
(32) Q=s5 | xdy—yda, 
2 (C) 
where the integrals are always taken in the positive sense. This 


last formula is evidently independent of the choice of axes. 
If, for instance, an ellipse be given in the form 


2 == O'COs ts y= ob sin 
its area is USrtat dy: btostad 
te . 
Q= a ab(cos*t + sin?t) dt = tab. 
0 


95. Area of a curve in polar coordinates. Let us try to find the 
area enclosed by the contour OAMBO (Fig. 17), which is composed 
of the two straight lines OA, OB, and the arc AMB, which is 
met in at most one 
point by any radius 
vector. Let us take 
O as the pole and a 
straight line Ox as 
the initial line, and 
let p= f(w) be the 
equation of the arc 
AMB. 

Inscribing a polygon in the arc AMB, with A and B as two of 
the vertices, the area to be evaluated is the limit of the sum of such 
triangles as OMM'. But the area of the triangle OMM' is 


Fic. 17 


1 F sy 
9 P(p + Ap) sin Aw = Aw 5 US ) 


Ny VL, 
¢ 
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where « approaches zero with Aw. It is easy to show that all the 
quantities analogous to « are less than any preassigned number 
provided that the angles Aw are taken sufficiently small, and that 
we may therefore neglect the term «Aw in evaluating the limit. 
Hence the area sought is the limit of the sum 3p’Aw/2, that is, it 
is equal to the definite integral 


bed es 
1 (se 


where », and w, are the angles which the straight lines OA and OB 
make with the line Ox. 

An area bounded by a contour of any form is the algebraic sum 
of a certain number of areas bounded by curves like the above. If 
we wish to find the area of a closed contour surrounding the point 
O, which is cut in at most two points by any line through O, for 
example, we need only let » vary from 0 to 27. The area of a con- 
vex closed contour not surrounding O (Fig. 17) is equal to the dif- 
ference of the two sectors OAMBO and OANBO, each of which may 
be calculated by the preceding method. In any case the area is 
represented by the line integral 


| pte 


taken over the curve C in the positive sense. This formula does 
not differ essentially from the previous one. For if we pass from 
rectangular to polar coédrdinates we have 


x= pcos, y = pSida, 
dx = COS wdp — pSinw da, dy = sin wdp + pcos wdw, 
xdy —ydx = p'dw. 


Finally, let us consider an arc AMB whose equation in oblique 
coérdinates is y= f(x). In order to find the area bounded by this 
arc AMB, the x axis, and the two lines 44), BBy, which are parallel 
to the y axis, let us imagine a polygon inscribed in the are AMB, and 
let us break up the area of this polygon into small trapezoids by 
lines parallel to the y axis. The area of one of these trapezoids is 


Fei) + FE) ( 
2 


x; — %;_,) Sin 6, 
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which may be written in the form (#,_, — x) f(é,) sin 6, where é 
lies in the interval (#;_,, x;). Hence the area in question is equal 
to the definite integral 


xX B 
sin af F(x) da, 
Xo uw 
where a and X denote the abscisse 
of the points A and B, respectively. 
It may be shown as in the similar 4 - 
i) 


case above that the area bounded by 
any closed contour C whatever is given 


by the formula 
= af xdy —y dx. 
2 (C) 


Note. Given a closed curve C (Fig. 15), let us draw at any point 
M the portion of the normal which extends toward the exterior, 
and let a, B be the angles which this direction makes with the axes 
of x and y, respectively, counted from 0 to 7. Along the are Am, B 
the angle B is obtuse and dx = — dscos 8. Hence we may write 


(k ydz = — | ycos Bas, 
(Am, B) 


Along Bm, A the angle B is acute, but dx is negative along Bm, A 
in the line integral. If we agree to consider ds always as positive, 
we shall still have dx =—dscosf. Hence the area of the closed 
curve may be represented by the integral 


fy cos B ds, 


where the angle # is defined as above, and where ds is essentially 
positive. This formula is applicable, as in the previous case, to a 
contour of any form whatever, and it is also obvious that the same 
area is given by the formula 


fe cos ads. 


These statements are absolutely independent of the choice of axes. 
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96. Value of the integral [{xdy — ydx. It is natural to inquire what will 
be represented by the integral if xdy —ydx, taken over any curve whatever, 
closed or unclosed. 
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Let us consider, for example, the two closed curves OAOBO and 
ApBqCrAsBiCuA (Fig. 19) which have one and three double points, respec- 
tively. It is clear that we may replace either of these curves by a combination 


of two closed curves without double points. Thus the closed contour OAOBO 
is equivalent to a combination of the 


A t B two contours OAO and OBO. The 

fs G P integral taken over the whole contour 

oy is equal to the area of the portion 

BO G@ wn OAO less the area of the portion 

OBO. Likewise, the other contour 

ay, may be replaced by the two closed 

uw curves ApBqCrA and AsBtCuA, and 

the integral taken over the whole con- 

tour is equal to the sum of the areas of ApBsA, BtCqB, and ArCuA, plus twice 

the area of the portion AsBgCuA. This reasoning is, moreover, general. Any 

closed contour with any number of double points determines a certain number 

of partial areas o1, o2,---,%p, of each of which it forms all the boundaries. 
The integral taken over the whole contour is equal to a sum of the form 
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Mio, + Mog ++-- + Mpop, 


where m4, mz, ---, Mp are positive or negative integers which may be found by 
the following rule: Given two adjacent areas c, o’, separated by an arc ab of the 
contour C, imagine an observer walking on the plane along the contour in the sense 
determined by the arrows ; then the coefficient of the area at his left is one greater 
than that of the area at his right. Giving the area outside the contour the coeffi- 
cient zero, the coefficients of all the other portions may be determined successively. 

If the given arc AB is not closed, we may transform it into a closed curve by 
joining its extremities to the origin, and the preceding formula is applicable to 
this new region, for the integral di ady — ydx taken over the radii vectores OA 
and OB evidently vanishes. 


V. FUNCTIONS DEFINED BY DEFINITE INTEGRALS 


97. Differentiation under the integral sign. We frequently have to 
deal with integrals in which the function to be integrated depends 
not only upon the variable of integration but also upon one or more 
other variables which we consider as parameters. Let f(x, a) bea 
continuous function of the two variables 2 and a when a varies from 
xo to X and a varies between certain limits a and a,. We proceed 
to study the function of the variable a which is defined by the 
definite integral 


Ra) = fle, a) dz, 


_where @ is supposed to have a definite value between a, and a, and 
where the limits a, and X are independent of a. 
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We have then 


(33) F(a + Aa) — F(a) =f, [ f(@, « + Aa)—f(a, a) | dx. 


Since the function f(a, a) is continuous, this integrand may be made 
less than any preassigned number e« by taking Aa sufficiently small. 
Hence the increment AF(a) will be less than ¢|X — a| in absolute 
value, which shows that the function F(a) is continuous. 

If the function f(x, a) has a derivative with respect to a, let us 
write 


S(@, « + Aa) — f(x, «)= Aa[ f,(@, a) +], 


where ¢ approaches zero with Aa. Dividing both sides of (33) by 
Aa, we find 


Mat Ba) — Fe) =f t.0 a) dx + [eae 


a 


and if » be the upper limit of the absolute values of «, the absolute 
value of the last integral will be less than y|X — a|. Passing to 
the limit, we obtain the formula 


(34) “= i f(a, &) da. 


In order to render the above reasoning perfectly rigorous we must 
show that it is possible to choose Aa so small that the quantity « 
will be less than any preassigned number y for all values of « between 
the given limits x, and X.. This condition will certainly be satisfied 
if the derivative f(x, «) itself is continuous. For we have from 
the law of the mean 


S(x, «+ Aa) — f(a, «)= Aaf, (a, « + Aa), 0<é<1, 


and hence 
e=f,(x, a+ OAc) — f, (a, @). 


If the function f, is continuous, this difference « will be less than 7 
for any values of x and a, provided that |Aa| is less than a properly 
chosen positive number / (see Chapter VI, § 120). 

Let us now suppose that the limits X and z, are themselves func- 
tions of a. If AX and Az, denote the increments which correspond 
to an increment Aa, we shall have 
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F(a + Aa)— F(a) =f [ f(a, a + Aa) — fa, a) |dx 
+f feataa) de 


Xy + Amy 
-f Hh CZ a+Aqa) dx; 
adi) 


or, applying the first law of the mean for integrals to each of the 
last two integrals and dividing by Aa, 


F(a + Aa) — F(a) _ b * f(a a + Aa) — fl, 2) gy 


A A 
+ 2 f(x + 6AX, a+ Aa) 


en 


ae Se + O Ate, a 4 Aa), 


As Aq@ approaches zero the first of these integrals approaches the 
limit found above, and passing to the limit we find the formula 


05) a (pe, ade + ZAK, 0) —F2Aay 0), 


which is the general formula for differentiation under the integral 
sign. 

Since a line integral may always be reduced to a sum of ordinary 
definite integrals, it is evident that the preceding formula may be 
extended to line integrals. Let us consider, for instance, the line 
integral 


F(a) =f P(x, y, a)dx + Q(a, y, a) dy 
AB 


taken over a curve 4B which is independent of a. It is evident that 
we shall have 


F'(a) ay (a, y, a)dx + Q, (x, ¥, a) dy, 


where the integral is to be extended over the same curve. On the 
other hand, the reasoning presupposes that the limits are finite and 
that the function to be integrated does not become infinite between 
the limits of integration. We shall take up later (Chapter VIII, 
§ 175) the cases in which these conditions are not satisfied. 
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The formula (35) is frequently used to evaluate certain definite 
integrals by reducing them to others which are more easily calcu- 
lated. Thus, if a is positive, we have 


mA elerales Gl RAM He At 
pee eae Nate te aeva. 
whence, applying the formula (34) » — 1 times, we find 


“dx hee Ga x 
aL ee Aas 1 = ae 
( ) (n Hf (a? aL a)” da*—} lee are tan 2 


98. Examples of discontinuity. If the conditions imposed are not satisfied for 
all values between the limits of integration, it may happen that the definite inte- 
gral defines a discontinuous function of the parameter. Let us consider, for 
example, the definite integral 


bit sin a dx 
IDG) = . 
© i 1 — 2x cos @ + a? 


al 


This integral always has a finite value, for the roots of the denominator are 
imaginary except when @ = kz, in which case it is evident that F(~) = 0. Sup- 
posing that sin a + 0 and making the substitution = cosa + tsin a, the indefi- 
nite integral becomes 


sin a dx dt 
= = arc tant. 
1— 2x cosa@ + x? 14 # 


Hence the definite integral F(a) has the value 


1—cosa@ —l—cosa@ 
are tan {| —————— } — arc tan {| —————_—_}, 


sin @ sin @ 
where the angles are to be taken between — 2/2 and 2/2. But 


1—cosa@ —l—cosa 
x ell 


sin @ sin @ 


and hence the difference of these angles is + 7/2. In order to determine the 
sign uniquely we need only notice that the sign of the integral is the same as 
that of sina. Hence F(a) = + 2/2 according as sin @ is positive or negative. 
It follows that the function F(a) is discontinuous for all values of @ of the form 
kx. This result does not contradict the above reasoning in the least, however. 
For when x varies from —1 to +1 and q@ varies from — eto +e, for example, 
the function under the integral sign assumes an indeterminate form for the sets 
of values a = 0, =—1 and a=0, x =+1 which belong to the region in ques- 
tion for any value of e. 

It would be easy to give numerous examples of this nature. Again, consider 


the integral 5 
il SsIn Me dz. 
—o & 
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Making the substitution ma = y, we find 


+? sin mae +? sin y 


where the sign to be taken is the sign of m, since the limits of the transformed 
integral are the same as those of the given integral if m is positive, but should 
be interchanged if m is negative. We have seen that the integral in the second 
member is a positive number NV (§ 91). Hence the given integral is equal to + N 
according as m is positive or negative. If m= 0, the value of the integral is 
zero. It is evident that the integral is discontinuous for m = 0. 


VI. APPROXIMATE EVALUATION OF DEFINITE INTEGRALS 


99. Introduction. When no primitive of f(x) is known we may 
resort to certain methods for finding an approximate value of the 
definite integral as@) dz. 'The theorem of the mean for integrals 
furnishes two limits between which the value of the integral must 
lie, and by a similar process we may obtain an infinite number of 
others. Let us suppose that ¢(x) < f(x) < (a) for all values of x 
between a and 6 (a2 <6). Then we shall also have 


[ s@ar< [rear < f veyae. 


If the functions ¢(#) and (x) are the derivatives of two known 
functions, this formula gives two limits between which the value of 
the integral must lie. Let us consider, for example, the integral 


-{ dx 
9 oN 1 aeat 
Now V1— at = V1— 2? V14 23, and the factor V1-+ 2? lies 


between 1 and V2 for all values of a between zero and unity. 
Hence the given integral lies between the two integrals 


be ie > al eS 


that is, between 7/2 and m/(2V2). Two even closer limits may 
be found by noticing that (1+<’)"’/? is greater than 1— «2/2, 
which results from the expansion of (1+ w)~!/? by means of Taylor’s 
series with a remainder carried to two terms. Hence the integral 
I is greater than the expression 


[GH ae — x fs 
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The second of these integrals has the value 7/4 (§ 105); hence 7 
hes between 77/2 and 3 7/8. 

It is evident that the preceding methods merely lead to a rough 
idea of the exact value of the integral. In order to obtain closer 
approximations we may break up the interval (a, b) into smaller 
subintervals, to each of which the theorem of the mean for inte- 
grals may be applied. For definiteness let us suppose that the 
function f(a) constantly increases as « increases from a to b. Let 
us divide the interval (a, 6) into n equal parts (6 -a=nh). Then, 
by the very definition of an integral, [) : J(x)dx lies between the 
two sums 


s=h§fla) + flath) +--+flat (n—1h}, 
S=h$f(a+h) + fla + 2h) +--+ f(@+ nh)}. 
If we take (S + s)/2 as an approximate value of the integral, the 


error cannot exceed |S —s|/2=|[(6—«a)/2n][f@)—f(a)]|. The 
value of (S + s)/2 may be written in the form 


pl ie EES CELS) PACE LC SLD lee 


he flatm—-Dhj+fatnh)). 
oD; 


Observing that §f(a+ih)+f[a+@+1)h]ih/2 is the area of 
the trapezoid whose height is # and whose bases are f(a + th) and 
fia+ih+h), we may say that the whole method amounts to 
replacing the area under the curve y = f(x) between two neighbor- 
ing ordinates by the area of the trapezoid whose bases are the two 
ordinates. This method is quite practical when a high degree of 
approximation is not necessary. 
Let us consider, for example, the integral 


dx 
9 ea? 


Taking n = 4, we find as the approximate value of the integral 


ty aGeeed 16 64 
G++ s+ +3) = ors200.., 


and the error is less than 1/16 = .0625.* This gives an approxi- 
mate value of 7 which is correct to one decimal place, —3.1311---. 


* Found from the formula |S — s|/2. In fact, the error is about .00260, the exact 
value being 7/4. — TRANS. 
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If the function f(x) does not increase (or decrease) constantly as 
x increases from a to 6, we may break up the interval into sub- 
intervals for each of which that condition is satisfied. 


100. Interpolation. Another method of obtaining an approximate 
value of the integral Loe) dx is the following. Let us determine 
a parabolic curve of order 2, 

Y = PL) =A +ye+--- + a, 2", 
which passes through (n+ 1) points B,, B,, ---, B, of the curve 
y =f(x) between the two points whose abscisse# are a and 0b. 
These points having been chosen in any manner, an approximate 
value of the given integral is furnished by the integral f° e@) dx, 
which is easily calculated. 

Let (2, Yo)s (€15 Y1)) °°" (ny Yn) be the coordinates of the (nm +1) 
points By, B,, --:, B,. The polynomial ¢(x) is determined by 
Lagrange’s interpolation formula in the form 

P(x) = YoXo + yrXr ts FY: Xi + YrXny 
where the coefficient of y; is a polynomial of degree n, 


X,= (% — Xp) =>: (x = &) 1) (© 45.1) ee (x = fy 

(&; — Bp) +++ (&; — Bj_1) @, — % 41) -** @ — Fn) 
which vanishes for the given values x, «,,---,%,, except for x =2,, 
and which is equal to unity when x =2;. Hence we have 


db n b 
ip (a) dx = > nf Koa. 
2 i=0 2 


The numbers 2; are of the form 
L=A4+4(b—a), H=a+4(b—a), ---, 2, =a+6,(b—a), 
where 0S@<6,<-:-<6,S1. Setting «=a+(b—a)t, the ap- 
proximate value of the given integral takes the form 
(36) (6 — 4) (Koyo + Ky +++ + Kin), 
where K, is given by the formula 
1 
eo pe ee 
» (B= 8) = 8-1) (B= B41) GB) 
If we divide the main interval (a, 0) into subintervals whose 
ratios are the same constants for any given function J (x) whatever, 


the numbers 6), 61, ---, 8,, and hence also the numbers K,, are inde- 
pendent of f(«). Having calculated these coefficients once for all, 
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it only remains to replace y, y,,---, y, by their respective values 
in the formula (36). 

If the curve f(~) whose area is to be evaluated is given graph- 
ically, it is convenient to divide the interval (a, 4) into equal parts, 
and it is only necessary to measure certain equidistant ordinates of 
this curve. Thus, dividing it into halves, we should take 6 = 0, 
6, = 1/2, 6, =1, which gives the following formula for the approxi- 

.mate value of the integral: 


i) 9 
T= E— Yo + 4x1 + y)- 


Likewise, for n = 3 we find the formula 


6—a 


Le 


(Yo + 3891 + 3y¥2 + Ys), 
and for n = 4 : 


i) = Gy 
T= "gs (Tyo + 32y, ar 12y, ap 325 at Ty). 


The preceding method is due to Cotes. The following method, 
due to Simpson, is slightly different. Let the interval (a, 6) be 
divided into 2” equal parts, and let y, y, Y2) °*+) Yo, be the ordi- 
nates of the corresponding points of division. Applying Cotes’ 
formula to the area which hes between two ordinates whose indices 
are consecutive even numbers, such as y) and y2, y, and y, etc., we 
find an approximate value of the given area in the form 


= 
T= [(yo + dyn + y2) + (Ye + Aye + %) ates: 
+ (Yon—2 + 4Ymm—1 + Yon) J » 
whence, upon simplification, we find Simpson’s formula: 


b—=a 


ies 6n 


[Yo + Yon + 2 (Ye SP Oh ae 20-0 = Yona) 
+4(Y1 + Ys + °° + Yon -1)]- 

101. Gauss’ method. In Gauss’ method other values are assigned 
the quantities 6,. The argument is as follows: Suppose that we 
can find polynomials of increasing degree which differ less and less 
from the given integrand f(#) in the interval (a, 0). Suppose, 
for instance, that we can write 


S(@) = % +4 + yg @” + +++ + Ag, 1 WP" + Ron (2), 


where the remainder R,,(”) is less than a fixed number e, for all 
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values of « between a and b.* The coefficients a; will be in gen- 
eral unknown, but they do not occur in the calculation, as we shall 
see. Let a, %,°-:, %,_, be values of x between a and 4, and let 
o(x) be a polynomial of degree » —1 which assumes the same 
values as does f(a) for these values of «. Then Lagrange’s inter- 
polation formula shows that this polynomial may be written in the 


form 
Qn-—1 


(x) a > On Pm (&) + f,, (0) VY (x) sg aia le ER (Xn -1) Veet) 


m=0 

where #,, and W, are at most polynomials of degree n—1. It is 
clear that the polynomial ¢,,(z) depends only upon the choice of 
Loy Ty, *+*) Ly. On the other hand, this polynomial ¢,,(x) must 
assume the same values as does a” for © = 2%, © = @%, +--+, © = Lq_}. 
For, supposing that all the a@’s except a, and also R,,(#) vanish, 
J(@) reduces to a,x" and (x) reduces to @,¢,,(v). Hence the 
difference «” — ¢,,(a”) must be divisible by the product 


P,,(@) = (@ — X) (@ — %) --- (@ — &_})- 
It follows that x” — $,,(%)= P,Qn_»(®), Where Q,,_,(x) is a poly- 
nomial of degree m — n, if m>n; and that x”— ¢,,(x) = 0ifm<sn—1. 
The error made in replacing [' os (x) dx by ibs $(x)dx is evidently 
given by the formula 


(37) ya i [x™ — ,,(@) ] da + af Ry, (a) da 
=0 a at : a 
— 5, Tips yf W, (av) da. 


The terms which depend upon the coefficients a, a, ---, a, _,; vanish 
identically, and hence the error depends only upon the coefficients 
On) S41) ***y Sn, and the remainder R,,(#). But this remain- 
der is very small, in general, with respect to the coefficients 
On» E41» °°") Fn. Hence the chances are good for obtaining a 
high degree of approximation if we can dispose of the quantities 
Lo, Ly, +++, Z,_, in such a way that the terms which depend upon 
ny Ey 4ry 0%) Cn also vanish identically. For this purpose it is 
necessary and sufficient that the m integrals 


b b 6 
f P.tae, f P.Aae, ae) Af Porte 


* This is a property of any function which is continuous in the interval (a, d), 
according to a theorem due to Weierstrass (see Chapter IX, § 199). 
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should vanish, where Q,; is a polynomial of degree i. We have 
already seen (§ 88) that this condition is satisfied if we take P, of 
the form 


- dl” n n 
P= — [(@ — a) (@— 8"), 


It is therefore sufficient to take for x, 2, ---, 2,_, the m roots of 
the equation P,, = 0, and these roots all lie between a and 0. 

We may assume that a = — 1 and 6 = +1, since all other cases 
may be reduced to this by the substitution #=(b+«a)/2+t(b—a) /2. 
In the special case the values of a, 21, ---, 2,_,; are the roots of 
Legendre’s polynomial X,. The values of these roots and the 
values of K; for the formula (36), up to n = 5, are to be found to 
seven and eight places of decimals in Bertrand’s Traité de Caleul 
intégral (p. 342). 

Thus the error in Gauss’ method is 


if enon ae See af ous 


1=0 

where the functions W;(#) are independent of the given integrand. 
In order to obtain a limit of error it is sufficient to find a limit of 
R,,(a), that is, to know the degree of approximation with which 
the function f(x) can be represented as a polynomial of degree 
2n —1 in the interval (a, 0). But it is not necessary to know 
this polynomial itself. 

Another process for obtaining an approximate numerical value of 
a given definite integral is to develop the function f(«) in series and 
integrate the series term by term. We shall see later (Chapter VIII) 
under what conditions this process is justifiable and the degree of 
approximation which it gives. 


102. Amsler’s planimeter. A great many machines have been invented to 
measure mechanically the area bounded by a closed plane curve.* One of the 
most ingenious of these is Amsler’s planimeter, whose theory affords an interest- 
ing application of line integrals. 

Let us consider the areas A; and Ag bounded by the curves described by two 
points A; and A, of a rigid straight line which moves in a plane in any manner 
and finally returns to its original position. Let (#1, y1) and (#2, yz) be the coér. 
dinates of the points A; and Ag, respectively, with respect to a set of rectangu- 
lar axes. Let 1 be the distance A; Az, and @ the angle which A; A, makes with 


* A description of these instruments is to be found in a work by Abdank- 
Abakanowicz: Les intégraphes, la courbe intégrale et ses applications (Gauthier, 
Villars, 1886). 
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the positive x axis, In order to define the motion of the line analytically, 21, ¥1, 
and @ must be supposed to be periodic functions of a certain variable parameter ¢ 
which resume the same values when ¢ is increased by JT. We have 2 = + lcosé, 
Y2 = 1 + Usin #, and hence 


&2 dY2 — Yo Axe = x1 dy1 — y, da, + Pde 
+ l(cos 6 dy; — sin 6 dx, + 21 cosédé + y, sin 6 dé) . 


The areas A, and A, of the curves described by the points A; and Ag, under the 
general conventions made above (§ 96), have the following values : 
1 1 
Ay = 3 fun —yida, Ag= 5 fades — Y2dxs. 
Hence, integrating each side of the equation just found, we obtain the equation 


2 
Ao = Ai +5 faa + ; [ feosedys — sin 9dr + f (exc0s8 + y:sin 6) ae |, 


where the limits of each of the integrals correspond to the values to and to + T 
of the variable ¢. It is evident that [do = 2Kz, where K is an integer which 
depends upon the way in which the straight line moves. On the other hand, 
integration by parts leads to the formule 


J mc0s 00 = m sin @— [sin @de1, 


fu sin 6d0 = — y; cos 6 + ficosedys. 


But 7;sin 6 and y;cos @ have the same values fort =t) andt=%t+ 7. MHetce 
the preceding equation may be written in the form 


Ag = Ay 4+ Kr + Lf cos 6 dys — sin 6 dz. 


Now let s be the length of the arc described by A, counted positive in a certain 
sense from any fixed point as origin, and let @ be the angle which the positive 
direction of the tangent makes with the positive 2 axis. Then we shall have 


cos 6 dy, — sin @ da, = (sin a cos 6 — sin @ cos a) ds = sinV ds, 


where V is the angle which the positive direction of the tangent makes with the 
positive direction A; Az of the straight line taken as in Trigonometry. The 
preceding equation, therefore, takes the form 


(38) Ao = Ay + Kn + if sinVas. 


Similarly, the area of the curve described by any third point Ag of the straight 
line is given by the formula 


(39) Ae= A. + Knl?+U fsinVds, 


where U’ is the distance A,As. Eliminating the unknown quantity Sf sin V ds 
between these two equations, we find the formula 


Ag —lAs =(U —1) A + Knell —U), 
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which may be written in the form 
(40) Ay (23) + Ag (31) + Ag (12) + Kz (12) (28) (31) = 0, 


where (ik) denotes the distance between the points A; and A, (i, k =1, 2, 8) 
taken with its proper sign. As an application of this formula, let us consider 
a straight line A; A» of length (a + b), whose extremities A, and A, describe the 
same closed convex curve C. The point A3, which divides the line into seg- 
ments of length a and b, describes a closed curve C’ which lies wholly inside C. 
In this case we have 


As=Ai, (12)=a+b, (283)=-0b, (81)=-a, Ke=1; 


whence, dividing by a + b, 
Ay = Ag = KIND 


But A; — Ag is the area between the two curves C and ©’. Hence this area is 
independent of the form of the curve C. This theorem is due to Holditch. 

If, instead of eliminating fsinV ds between the equations (38) and (89), we 
eliminate A,, we find the formula 


(41) As = Ae + Ka (U2 —P) 4 (UV — l) [sinVas. 


Amsler’s planimeter affords an application of this formula. Let A,A,2A3 be a 
rigid rod joined at A» with another rod OAzg. The point O being fixed, the point 
Az, to which is attached a sharp pointer, is made to describe the curve whose area 
is sought. The point A» then 
describes an arc of a circle or 
an entire circumference, accord- 
ing to the nature of the motion. 
In any case the quantities As, K, 
l, Vv are all known, and the area 
Ags can be calculated if the in- 
tegral {sin Vds, which is to be 
taken over the curve C; described 
by the point A,, can be evaluated. 
This end A, carries a graduated 
circular cylinder whose axis coin- 
cides with the axis of the rod A; A3, and which can turn about this axis. 

Let us consider a small displaceinent of the rod which carries A; A» A3 into 
the position A{A$A%. Let Q be the intersection of these straight lines. About 
Q as center draw the circular are A{q@ and drop the perpendicular A{P from 
Aj upon A;Ag. We may imagine the motion of the rod to consist of a sliding 
along its own direction until A; comes to a, followed by a rotation about Q which 
brings a to A{. In the first part of this process the cylinder would slide, with- 
out turning, along one of its generators. In the second part the rotation of 
the cylinder is measured by the are aA{. The two ratios @Aj/A;P and 
A{P/are A, A{ approach 1 and sin V, respectively, as the arc Aj dA; approaches 
zero. Hence wA{ = As(sinV + ¢), where ¢ approaches zero with As. It follows 
that the total rotation of the cylinder is proportional to the limit of the sum 
ZAs (sin V +), that is, to the integral vi sinV ds. Hence the measurement of 
this rotation is sufficient for the determination of the given area. 


Fic. 20 
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EXERCISES 


1. Show that the sum 1/n+1/(n+1)+---+1/2n approaches log 2 as n 
increases indefinitely. 

[Show that this sum approaches the definite integral Is [1/(1 + x)] da as its 
limit. ] 


2. As in the preceding exercise, find the limits of each of the sums 


PEI Se, ae aaa 
n?+1 n2 + 22 n+ (n—1)2” 
1 1 1 


’ 


a = = a aF i pee 
Vn?—1 Vn? — 22 Vn? — (n — 1)? 
by connecting them with certain definite integrals. In general, the limit of 


the sum 
n 


yee, 

0) 
as n becomes infinite, is equal to a certain definite integral whenever ¢(i, 7) is 
a homogeneous function of degree — 1 in i and n. 


3. Show that the value of the definite integral ae log sina dz is 
— (z/2) log2. 
[This may be proved by starting with the known trigonometric formula 


ee UE ens PE _ (n—1)z n 
ES) 0 OY 8 0 OFS 8 Ya 4 
n n n Qn-1 


or else by use of the following almost self-evident equalities : 


us ie z in 2 
ths log sing dz = ile log cosa dx = , iy pee da. ] 
0 0 Za 2 


4. By the aid of the preceding example evaluate the definite integral 


( _ 2) tans de, 
I 2 


5. Show that the value of the definite integral 


1 
log 
og (1+ 2) 5 
i 1+ 2 
is (7/8) log 2. 


[Set « = tan ¢ and break up the transformed integral into three parts. | 


wl 


6*, Evaluate the definite integral 


ih log (1— 2a@ cose + a) dx. 
[Poisson.] 
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[Dividing the interval from 0 to z into n equal parts and applying a well-known 
formula of trigonometry, we are led to seek the limit of the expression 


7 a-—l 
— log | —— (a?n —]1 | 
oe Ec i As ) 
as n becomes infinite. If @ lies between —1 and +1, this limit is zero. Tf 


a2>1, itis tloga?. Compare § 140.] 


7. Show that the value of the definite integral 


7 e 
sin x dx 


ene sae A, 
9 W1— 2a cosa + a 
where a is positive, is 2 if @<1, and is 2/aifa@>1. 


8*. Show that a necessary and sufficient condition that f(x) should be inte- 
grable in an interval (a, 6) is that, corresponding to any preassigned number e, 
a subdivision of the interval can be found such that the difference S — s of the 
corresponding sums S and s is less than e. 


9. Let f(x) and ¢(«) be two functions which are continuous in the interval (a, d), 
and let (a, 21, %,-+--, 6) be a method of subdivision of that interval. If &;, 7, 
are any two values of « in the interval (a;_1, x), the sum = f(,) $(m) (i — 2-1) 
approaches the definite integral dss S(&) (x) dx as its limit. 


10. Let f(x) be a function which is continuous and positive in the interval (a, b). 
Show that the product of the two definite integrals 


b ° de 
f fa)ae, l# 


is a minimum when the function is a constant. 


11. Let the symbol 1B denote the index of a function (§ 77) between 2 
and 2;. Show that the following formula holds: 


Hy Ce ape 
LPO a Leger © 


where «=+1 if f(x) >0 and f(%1) <0, «=—1 if f(ao)<0 and f(@1)>0, and 
e=0 if f(x) and f(a) have the same sign. 

[Apply the last formula in the second paragraph of § 77 to each of the func- 
tions f(x) and 1/f(). ] 


12*. Let U and V be two polynomials of degree n and n — 1, respectively, 
which are prime to each other. Show that the index of the rational fraction 
V/U between the limits — o and + o is equal to the difference between the 
number of imaginary roots of the equation U + iV = 0 in which the coefficient 
of i is positive and the number in which the coefficient of i is negative. 

(Hermite, Bulletin de la Société mathématique, Vol. VII, p. 128.] 


13*, Derive the second theorem of the mean for integrals by integration by 
parts. 
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[Let f(x) and ¢(«) be two functions each of which is continuous in the inter- 
val (a, b) and the first of which, f(x), constantly increases (or decreases) and 
has a continuous derivative. Introducing the auxiliary function 


(x) = { 9) da 
and integrating by parts, we find the equation 
fe oe) de = 10) 20) — 7) oe) Ae. 
Since f’(z) always has the same sign, it only remains to apply the first theorem 
of the mean for integrals to the new integral. ] 


14. Show directly that the definite integral fady — ydx extended over a 
closed contour gues over into an integral of the same form when the axes are 
replaced by any other set of rectangular axes which have the same aspect. 


15. Given the formula 


b 
ab cos \x dz = — (sin \b — sin Aa), 
a 


1 
r 
evaluate the integrals 


b b 
ik 2p + 1sin kx dz, Hf x cos hx dz. 
a a 


16. Let us associate the points (x, y) and (x’, y’) upon any two given curves 
C and C’, respectively, at which the tangents are parallel. The point whose 
coordinates are x; = px + qx’, yi = py + gy’, where p and q are given constants, 
describes a new curve Cy. Show that the following relation holds between the 
corresponding arcs of the three curves: 


Si === pS 42.98 
17. Show that corresponding arcs of the two curves 
a= tf'(t)—ft) + ¢(t), oo (X =¥O-fO —¢O, 
y=S'() — tot) + 6, y =f (t) + to’) — of) 
have the same length whatever be the functions f(t) and ¢(t). 


18. From a point M of a plane let us draw the normals MP;, ---, MP, to 


n given curves Cj, C2,---, C, which lie in the same plane, and let J; be the 
distance MP;. ‘The locus of the points M, for which a relation of the form 
F(l, lk, «--, t.) = 0 holds between the n distances 1;, is a curve I. If lengths 


proportional to é6I°/él; be laid off upon the lines MP;, respectively, according to 
a definite convention as to sign, show that the resultant of these n vectors gives 
the direction of the normal to T at the point M. Generalize the theorem for 
surfaces in space. 


19. Let C be any closed curve, and let us select two points p and p’ upon the 
tangent to C at a point m, on either side of m, making mp = mp’. Supposing 
that the distance mp varies according to any arbitrary law as m describes the 
curve C, show that the points p and p’ describe curves of equal area. Discuss 
the special case where mp is constant. 
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20. Given any closed convex curve, let us draw a parallel curve by laying oft 
a constant length 7 upon the normals to the given curve. Show that the area 
between the two curves is equal to + z/? + sl, where s is the length of the given 
curve. 


21. Let C be any closed curve. Show that the locus of the points A, for 
which the corresponding pedal has a constant area, is a circle whose center is 
fixed. 

[Take the equation of the curve C in the tangential form 


xcost+ ysint = f(t). ] 


22. Let C be any closed curve, OC; its pedal with respect to a point A, and C, 
the locus of the foot of a perpendicular let fall from A upon a normal to C. 
Show that the areas of these three curves satisfy the relation A = Ay — Ag. 

[By a property of the pedal (§ 86), if p and w are the polar codrdinates of a point 
on C;, the codrdinates of the corresponding point of C2 are p’ and w 4+ 7/2, and 
those of the corresponding point of C are r = Vp? + p’2 and ¢ = w + arc tan p’/p. | 


23. If acurve C rolls without slipping on a straight line, every point A which 
is rigidly connected to the curve C describes a curve which is called a roulette. 
Show that the area between an arc of the roulette and its base is twice the area 
of the corresponding portion of the pedal of the point A with respect to C. Also 
show that the length of an arc of the roulette is equal to the length of the corre- 


sponding arc of the pedal. [Srerer. ] 


[In order to prove these theorems analytically, let X and Y be the cobrdi- 
nates of the point A with respect to a moving system of axes formed of the 
tangent and normal at a point Mon C. Let s be the length of the arc OM 
counted from a fixed point O on C, and let w be the angle between the tangents 
at Oand M. First establish the formule 


ds + dX = Ydw, dY+ Xdw=0, 
and then deduce the theorems from them. ] 


24*, The error made in Gauss’ method of quadrature may be expressed in 


the form 
fen(8) 2 ewoweoscts a4 


x 
Vooon epi 1.2 On Sts 


where é lies between — 1 and +1. [Mansion, Comptes rendus, 1886. ] 


CHAPTER V 
INDEFINITE INTEGRALS 


We shall review in this chapter the general classes of elemen- 
tary functions whose integrals can be expressed in terms of ele- 
mentary functions. Under the term elementary functions we shall 
include the rational and irrational algebraic functions, the exponen- 
tial function and the logarithm, the trigonometric functions and 
their inverses, and all those functions which can be formed by a 
finite number of combinations of those already named. When the 
indefinite integral of a function /(#) cannot be expressed in terms 
of these functions, it constitutes a new transcendental function. 
The study of these transcendental functions and their classification 
is one of the most important problems of the Integral Calculus. 


J. INTEGRATION OF RATIONAL FUNCTIONS 


103. General method. Every rational function f(2) is the sum of 
an integral function E(x) and a rational fraction P(#)/Q(x), where 
P(a) is prime to and of less degree than Q(x). If the real and 
imaginary roots of the equation Q(x) be known, the rational frac- 
tion may be decomposed into a sum of simple fractions of one or the 
other of the two types 

A Max + N 
(@—ay [@—a)?+ Bp 
The fractions of the first type correspond to the real roots, those 
of the second type to pairs of imaginary roots. ‘The integral of 
the integral function E(x) can be written down at once. The inte- 
grals of the fractions of the first type are given by the formule 


a A dx a A if 1 
(2 — ay" — (m—1)(w%—a)""1 tas 
{24 = A log(# — a), 17 =e 


For the sake of simplicity we have omitted the arbitrary constant C, 
which belongs on the right-hand side. It merely remains to examine 
208 
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the simple fractions which arise from pairs of imaginary roots. 
In order to simplify the corresponding integrals, let us make the 


substitution 
w=a+t Pt, dx= Bdt. 


The integral in question then becomes 


— Met+N 1 Ma + N+ Mt 
ic = are ee 


Ly [(@ — a)? + Bp?) -- Ger da oe [Sylar (hss t?)" 
and there remain two kinds of integrals: 


tdt dt 
aiA J date, 
Since ¢d¢ is half the differential of 1+ 2, the first of these inte- 
grals is given, if n > 1, by the formula 


tdt, 1 Bi Se ioe 
G+#y 2@—Hd+ee 2@-N[@—aP+ ey" 


Or, 169) —= 1 by, the formula 


d | = Ge a 
ie = 9 los d+ #)=<5 5 log (2aaf28). 


The only integrals which remain are those of the type 


If n =1, the value of this integral is 


wilod = arc tan ¢== are tan —— 
ae 


If m is greater than unity, the calculation of the integral may be 
reduced to the calculation of an integral of the same form, in which 
the exponent of (1+ 2?) is decreased by unity. Denoting the inte- 
gral in question by J,, we may write 


S dt te anf dt 
eT) dre) Gate (1 Ga J Cie 


From the last of these integrals, taking 


‘a awe t dt Ao). ae SE 
Se ee a eG 0 ae 
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and integrating by parts, we find the formula 


CUS t ie 1 ji dia 
1-27") Vos DAPer 26-1) ) lee 
Substituting this value in the equation for J,, that equation becomes 
2 — 3 t 
aa = Hes 53 


ho ee 27 1a pey? 
Repeated applications of this formula finally lead to the integral 
I,=arctan¢t. Retracing our steps, we find the formula 
_ (2n — 8) (2n — 5)--- 3.1 
nm (2n — 2)(2n —4)---4.2 
where R(¢) is a rational function of ¢ which is easily calculated. 
We will merely observe that the denominator is (1+ ¢”)”—', and that 
the numerator is of degree less than 2n — 2 (see § 97, p. 192). 
It follows that the integral of a rational function consists of 
terms which are themselves rational, and transcendental terms of 
one of the following forms: 


log(a—a), log[(a — a)?+ 87], arctan 


arc tant + R(t), 


LZ—a 
B 

Let us consider, for example, the integral Ht [1/(@*—1)]d«. The 

denominator has two real roots +1 and — 1, and two imaginary 

roots +7and —7z We may therefore write 


1 A B (Che 46 JD) 


PSE [ere ARG fee 1422 


In order to determine A, multiply both sides by 2 — 1 and then set 
*x=1. This gives A =1/4, and similarly B=—1/4. The iden- 
tity assumed may therefore be written in the form 


il ‘iy ean & +7) Ce +D 
ee 1 ANe a1 Seedy Se? 


> 


or, simplifying the left-hand side, 
=i n (Oi te Ds 
2(1 + a?) Le ae 
It follows that C = 0 and D = — 1/2, and we have, finally, 
a 1 1 1 


EEE ——— rn, 


a@—1 4(@—1) 4(@+1) 2(@741)’ 


which gives 
dx al ie! 1 il 
or sep rn aaa — pare tanz. 
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Note. The preceding method, though absolutely general, is not 
always the simplest. The work may often be shortened by using 
a suitable device. Let us consider, for example, the integral 


aay 


If n > 1, we may either break up the integrand into partial frac- 
tions by means of the roots + 1 and — 1, or we may use a reduction 
formula similar to that for J,. But the most elegant method is to 
make the substitution « = (1 + z)/(1 — 2), which gives 


i 4z gee 2 dz 
TIC or eee es 


dex 2 (d—2)"-? 
il (o? — 1)" a pe ear 


Developing (1 — z)”~? by the binomial theorem, it only remains 
to integrate terms of the form Az”, where w may be positive or 
negative. 


a — Ih 


104. Hermite’s method. We have heretofore supposed that the 
fraction to be integrated was broken up into partial fractions, which 
presumes a knowledge of the roots of the.denominator. The fol- 
lowing method, due to Hermite, enables us to find the algebraic 
part of the integral without knowing these roots, and it involves 
only elementary operations, that is to say, additions, multiplications, 
and divisions of polynomials. 

Let f(x)/F(«) be the rational fraction which is to be integrated. 
We may assume that f(x) and F(x) are prime to each other, and 
we may suppose, according to the theory of equal roots, that the 
polynomial F(x) is written in the form 


F(a) = X, X2X3..- X?, 


where X,, Xj, ---, X, are polynomials none of which have multiple 
roots and no two of which have any common factor. We may now 
break up the given fraction into partial fractions whose denomina- 
tors are X,, X},---, X}: 


ieee oe ae 
HED) a G ese eaaT a xe 


where A, is a polynomial prime to X;. For, by the theory of high- 
est common divisor, if X and Y are any two polynomials which are 
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prime to each other, and Z any third polynomial, two other poly- 
nomials 4 and B may always be found such that 


IB XG PAR aa Ze 


Let us set X = X,, Y= X3--. X29, and Z= f(a). Then this identity 
becomes 
BX, + AX}.-- XP = f(x), 
or, dividing by F(#), 
S(@)_ 4 B 
Be) 2 ee ee 


It also follows from the preceding identity that if f(a) is prime to 
F(a), A is prime to X, and Bis prime to X;---X}. Repeating the 
process upon the fraction 
B 
ee 
and so on, we finally reach the form given above. 
It is therefore sufficient to show how to obtain the rational part 


of an integral of the form 
Adu 


75 Pd 
? 
where $(x) is a polynomial which is prime to its derivative. Then, 
by the theorem mentioned above, we can find two polynomials B 


and C such that 
Bo(a) + Co'(a) =A, 


and hence the preceding integral may be written in the form 


Adz Boh ae CH! 5 Bdx ip $'dax 
C : 
{4 = { 44 op” sR ¢” 


If n is greater than unity, taking 


—1 
u= GC, v= (n—1 er! 
and integrating by parts, we get 
p'da Gi i Cl 
: fb” <7 (n a De ne ee | gnc es 


whence, substituting in the preceding equation, we find the formula 


A dx a G A,d«x 
” (n rs 1) pr} i gl 
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where 4, is a new polynomial. If n> 2, we may apply the same 
process to the new integral, and so on: the process may always be 
continued until the exponent of ¢ in the denominator is equal to 
one, and we shall then have an expression of the form 


Adz _ yp da 
$ =e tf ra 


where R(x) is a rational function of x, and y is a polynomial whose 
degree we may always suppose to be less than that of $, but which 
is not necessarily prime to ¢. To integrate the latter form we must 
know the roots of ¢, but the evaluation of this integral will intro- 
duce no new rational terms, for the decomposition of the fraction 
y/o leads only to terms of the two types 


A Ma+ N 
2a (@—a)?+ 2 

each of which has an integral which is a transcendental function. 

This method enables us, in particular, to determine whether the 
integral of a given rational function is itself a rational function. 
The necessary and sufficient condition that this should be true is 
that each of the polynomials like y should vanish when the process 
has been carried out as far as possible. 


It will be noticed that the method used in obtaining the reduction formula 
for I, is essentially only a special case of the preceding method. Let us now 
consider the more general integral 


da 5s 
| awextece aide ke ee 


from the identity 
A(Ax? + 2Bx + C) — (Ax + B)? = AC— B? 


it is evident that we may write 


da ee dex 
(Az? + 2Ba + CC)" AC — B2 ) (Aa? + 2Ba + C)r-} 


1 (Aw + B)da 
pat Dee oan) BIg ae ag z 
oom | + 2) Get + 2Ba + Op 


Intcgrating the last integral by parts, we find 


At+B Av +B 
B dz =— 
fo ) (Aa? + 2Ba + Cy” 2m — 1) (Aa? + 2Ba + Cy? 


A dx > 
c 2n — 2 (Aa? + 2Ba + C)r-1 
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whence the preceding relation becomes 


dx - Az + B 
| aaa Cy" 2(n—1)(AC — Peueiit fee C)r-1 
2n — 3 dx 
on — 2 = B? ) (Ax? + 2Bx + C)jr-) 


Continuing the. same process, we are led eventually to the integral 


dz 
pee sien kee hy 
Ax? + 2Bx+C 


, which is a logarithm if B? - AC >0, and an arctangent if B? - AC <0. 
As another example, consider the integral 
5a3 + 84 —1 
(x? + 38x + 1)8 
From the identity 
538 + 8a —1= 6a (a? +1) — (28 4 38a +1) 


it is evident that we may write 


x8 + 3e —1 ae _ be@t+)) 
(x3 + 3” + 1)8 (a? + 8a +158 + 3% + 1) (a8 + 82 + 1) + 7 + 1)? 
Integrating the first integral on the right by parts, we find 


6 (a? + 1)de _ —2£ oh dx 
* 3 + 8" 41) (a? + 3" 41)? (a8 + 82 4+ 1)2’ 


whence the value of the given integral is seen to be 


Sete ee —« 
(@ +8241) (28 + 3/4 1)2 


Note. In applying Hermite’s method it becomes necessary to solve the fol- 
lowing problem: given three polynomials A, B, C, of degrees m, n, p, respectively, 
two of which, A and B, are prime to each other, find two other polynomials u and v 
such that the relation Au + Bv = C is identically satisfied. 

In order to determine two polynomials u and v of the least possible degree 
which solve the problem, let us first suppose that p is at most equal to m + n — 1. 
Then we may take for wu and v two polynomials of degrees n — 1 and m — 1, 
respectively. The m+ n unknown coefficients are then given by the system of 
m+n linear non-homogeneous equations found by equating the coefficients. 
For the determinant of these equations cannot vanish, since, if it did, we could 
find two polynomials u and » of degrees n — 1 and m — 1 or less which satisfy 
the identity Au + Bv=0, and this can be true only when A and B have a 
common factor. 

If the degree of C is equal to or greater than m + n, we may divide C by AB 
and obtain a remainder C’ whose degree is less than m+n. ThenC = ABQ + 0’, 
and, making the substitution u — BQ = uy, the relation Au + Bu = C reduces to 
Au;+ Bu=C’. This is a problem under the first case. 
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105. Integrals of the type { R(x, \/Ax? + 2Bx + C) dx. After the 


integrals of rational functions it is natural to consider the inte- 
grals of irrational functions. We shall commence with the case in 
which the integrand is a rational function of « and the square root 
of a polynomial of the second degree. In this case a simple substitu- 
tion eliminates the radical and reduces the integral to the preceding 
case. This substitution is self-evident in case the expression under 
the radical is of the first degree, say aw +6. If we set aw+b=23, 
the integral becomes 


2S 
fx, Vax + b) dx = fx(—, ) ate 


a 


and the integrand of the transformed integral is a rational function. 
If the expression under the radical is of the second degree and 
has two real roots a and 6, we may write 


x~—a 


Vi@— 0) @—0 = (@— 0) [42—4, 


and the substitution 


ip =O) Agee 


A =t¢ e 
x2 —b ae A—?# 


, 


actually removes the radical. 

If the expression under the radical sign has imaginary roots, the 
above process would introduce imaginaries. In order to get to the 
bottom of the matter, let y denote the radical VAa? + 2Bxr + C. 
Then x and y are the codrdinates of a point of the curve whose 
equation is 

(1) y? = Az? + 2Ba+C, 


and it is evident that the whole problem amounts to expressing the 
coérdinates of a point upon a conic by means of rational functions 
of a parameter. It.can be seen geometrically that this is possible. 
For, if a secant 
WB =e = 2) 

be drawn through any point (a, 8) on the conic, the codrdinates of 
the second point of intersection of the secant with the conic are 
given by equations of the first degree, and are therefore rational 
functions of ¢. 

If the trinomial Aw? + 2Bx + C has imaginary roots, the coefii- 
cient A must be positive, for if it is not, the trinomial will be 
negative for all real values of x. In this case the conic (1) is an 
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hyperbola. A straight line parallel to one of the asymptotes of 
this hyperbola, 


y=aVA+t, 
cuts the hyperbola in a point whose coérdinates are 
C—# CH 
a =t - VA SSS 
Dee eB a 2¢- VA — 2B 


If A < 0, the conic is an ellipse, and the trinomial Ax? + 2Bx 4+ C 
must have two real roots a and 6, or else the trinomial is negative 
for all real values of x. The change of variable given above is pre- 
cisely that which we should obtain by cutting this conic by the 
moving secant 

y =t(a@ — a). 


As an example let us take the integral 


sft dx 

(x? + k) Vax +k 

The auxiliary conic y? = x? + & is an hyperbola, and the straight line 
Ai y yP s 


x+y=t, which is parallel to one of the asymptotes, cuts the hyper- 
bola in a point whose codrdinates are 


eye k ara k 
o=5(t s) y =Va Fi=5(¢+4). 


Making the substitution indicated by these equations, we find 


de ot (CH {$-([< Pee 
ee ue) yy J@+H? +R 


or, returning to the variable a, 


i dx _#—Vertk x 1 


(+h kV tk kVoth k 


where the right-hand side is determined save for a constant term. 
In general, if 4C — B? is not zero, we have the formula 


ip dx . 1 Ax+B 
(Ax® + 2Ba+C)!§ AC — B? V Aa? + 2B2 +0 

In some cases it is easier to evaluate the integral directly without 
removing the radical. Consider, for example, the integral 


f dx 
VAa? + 2Ba+C 
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If the coefficient A is positive, the integral may be written 


i V Adz ue VAdx 
$$ CC LS ey} 
V Ax? + 2ABe + AC V (Aw + B)?+ AC — B? 


or setting Ax + B=t, 


: ir a oe a Gave AC = Be) 
aa) Sey ome Oh a : 


Returning to the variable x, we have the formula 


d 1 ; = 
{= 7-7 Tas = ae log (Aa eae A V Ax? + 2Ba + c). 


If the coefficient of x is negative, the integral may be written in 
the form 


by VAdx 


= D AS 0. 
VAC + B? — (Ax — B)? 


d: 
eee 


The quantity 4C + B? is necessarily positive. Hence, making the 


substitution 
Az —B=t VAC + B, 


the given integral becomes 


1 dt 1 : : 
= = BNO bales 4 


VAI Vi=# WA 


Hence the formula in this case is 


dx 
WA? Eo Be CO 


=: aie are sin peed 
Vi. WAC HB 


It is easy to show that the argument of the aresine varies from —1 
to +1 as x varies between the two roots of the trinomial. 
In the intermediate case when A = 0 and B + 0, the integral is 


algebraic : 
dx 1 Boe tars 
Ve, 
J Vee CB 


Integrals of the type 


f dx 
(a —a)V Ax? + 2Bx+C 
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reduce to the preceding type by means of the substitution «=a +1/y. 
We find, in fact, the formula 


ii dx on dy 
(a — a) V Aa? + 2Ba + C VAyy? + 2Byy + Cy 


where 
A, = Aa’?+ 2Ba+ OC, B, = Aa+c B, CAE 


It should be noticed that this integral is algebraic if and only if 
the quantity a is a root of the trinomial under the radical. 

Let us now consider the integrals of the type { Va?+ 4 dz. Inte- 
grating by parts, we find 


x? dx 


Vy? + A 


On the other hand we have | 


2 AA 
Va? + A Vax? + 4 


= [ VF +A de — Alog (2 + VaF+ A). 


From these two relations it is easy to obtain the formule 
(2) [ViFaae= 5 Vet A+ 5 log(e+ Va? + 4), 


ae IY aartay ais OEE 
(3) ‘ee te x? + A — > log (a + Va? + A). 


The following formule may be derived in like manner: 


2 
(4) ea 5 Vet — att Fare sin =, 


x? dx x »>— a? x 
5 eo eS Zia. 7 ry ees 
(5) JF 7m 9 Va? = x? + g are sin = 


106. Area of the hyperbola. The preceding integrals occur in the evaluation 
of the area of a sector of an ellipse or an hyperbola. Let us consider, for 
example, the hyperbola 
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and let us try to find the area of a segment 4MP bounded by the arc AM, the 
& axis, and the ordinate MP. This area is equal to the definite integral 


i ° Vena da, 
« & 
that is, by the formula (2), 


a /72 — q2 
12) a Vara — at log (2+ YE = zi 2) 
a 


But MP = y = (b/a) Vx? — a?, and the term (b/2a) 2 Vx? — a? is precisely the 
area of the triangle OMP. Hence the area S of the sector OAM, bounded by 
the arc AM and the radii vectores OA 

and OM, is y 


1 ic a) 
a 


S = —ab log 
2 
y M 
+4). 


This formula enables us to express 
the coordinates « and y of a point M 
of the hyperbola in terms of the area S. 
In fact, from the above and from the | 
equation of the hyperbola, it is easy to 
show that 


1 Ae 
=—=abilootl— 
2 (2 


or 
28 28 2S 28 
Gein ee Bie 
ea——|ew e w =--—([(e%—e ad). 
Al 7 ): 3 th ) 


The functions which occur on the right-hand side are called the hyperbolic 


cosine and sine: 
Gn Gre : Co ea 
Cost eae a 


The above equations may therefore be written in the form 
28 ‘ 
x= acosh —, bec locintaeee 
ab ab 
These hyperbolic functions possess properties analogous to those of the trigo- 


nometric functions.* It is easy to deduce, for instance, the following formule : 


cosh? x — sinh?z = 1, 
cosh (# + y) = cosh cosh y + sinhg sinh y, 
sinh (2 + y) = sinhg coshy + sinh y cosha. 


* A table of the logarithms of these functions for positive values of the argument 
is to be found in Houeél’s Recueil des formules numériques. 
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It may be shown in like manner that the coérdinates of a point on an ellipse 
may be expressed in terms of the area of the corresponding sector, as follows: 


a tone Seat 
re fre oe asad 
In the case of a circle of unit radius, and in the case of an equilateral hyperbola 


whose semiaxis is one, these formule become, respectively, 
x= cos 28, y =sin2S% 
x = cosh 28, y = sinh 28. 


It is evident that the hyperbolic functions bear the same relations to the equi- 
lateral hyperbola as do the trigonometric functions to the circle. 


107. Rectification of the parabola. Let us try to find the length of the arc of 
a parabola 2py = «2 between the vertex O and any point M. The general 
formula gives 


x 2 x ae. Ae 2 
arc OM = r+ (2) dz = eee. 
h dx i p 


or, applying the formula (2), 
a/ 72 2 2, 2 
arc om =~ rae + Plog wee pal Me 
2p 2 p 


The algebraic term in this result is precisely the length MT of the tangent, 
for we know that OT = x/2, and hence 


a2 at = 2a? +p?) 


MT? = y? = 
ea 4 4p? 4 4p? 


If we draw the straight line connecting T to the focus F, the angle MTF will 
be a right angle. Hence we 
have 
FT = 4% 45 =) Vp Te, 

4 4 2 
- whence we may deduce a curi- 
a ous property of the parabola. 
Suppose that the parabola 

rolls without slipping on the z 

axis, and let us try to find the 

locus of the focus, which is sup- 
posed rigidly connected to the 
parabola. When the parabola 

is tangent at M’ to the x axis, OM’ = arc OM. The point T has come into a 

position 7” such that M’T’ = MT, and the focus F is at a point F’ which is 


found by laying off T’F’ = TF on a line parallel to the y axis. The codrdi- 
nates Y and Y of the point F’ are then 


X = are OM HT = Picg (2¢ VEER), 
P 


1 
ae oe. V p* + a2, 


O T [7 M’ x 
Fia. 22 
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and the equation of the locus is given by eliminating x between these two equa- 


tions. From the first we find 
2X 


a+ Va? + p? = per, 


to which we may add the equation 
< 2X 


2—V22+p2?=— pe P» 


since the product of the two left-hand sides is equal to — p?. Subtracting these 
two equations, we find 


Ee ty as 
Vet p= 2 (er +e >), 
and the desired equation of the locus is 


2x 2X 
y=2 (er 4e°7) =Peosn2. 
a 2a Dp 


This curve, which is called the catenary, is quite easy to construct. Its form 
is somewhat similar to that of the parabola. 


108. Unicursal curves. Let us now consider, in general, the inte- 
grals of algebraic functions. Let 


(6) F(x, y) =0 
be the equation of an algebraic curve, and let R(a, y) be a rational 
function of x and y. If we suppose y replaced by one of the roots 
of the equation (6) in R(x, y), the result is a function of the single 
variable x, and the integral 


if R(a, y) dee 


is called an Abelian integral with respect to the curve (6). When 
the given curve and the function R(#, vy) are arbitrary these inte- 
grals are transcendental functions. But in the particular case where 
the curve is unicursal, i.e. when the codrdinates of a point on the 
curve can be expressed as rational functions of a variable param- 
eter ¢, the Abelian integrals attached to the curve can be reduced at 
once to integrals of rational functions. For, let 


x= f(t), y = o(t) 


be the equations of the curve in terms of the parameter 4 Taking 
t as the new independent variable, the integral becomes 


[Re nae =f RLF, oO Oe, 


and the new integrand is evidently rational. 
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It is shown in treatises on Analytic Geometry * that every uni- 
cursal curve of degree m has (n — 1)(n — 2)/2 double points, and, 
conversely, that every curve of degree » which has this number of 
double points is unicursal. I shall merely recall the process for 
obtaining the expressions for the coérdinates in terms of the param- 
eter. Given a curve C, of degree n, which has 6 = (n —1)(m — 2)/2 
double points, let us pass a one-parameter family of curves of degree 
n — 2 through these § double points and through m — 3 ordinary points 
on C,. These points actually determine such a family, for 

2 2 

whereas (x — 2)(n +1)/2 points are necessary to determine uniquely 
a curve of order n — 2. Let P(x, y) + tQ(a, y) = 0 be the equation 
of this family, where ¢ is an arbitrary parameter. Each curve of the 
family meets the curve C,, in n(n — 2) points, of which a certain num- 
ber are independent of ¢, namely the m — 3 ordinary points chosen 
above and the 8 double points, each of which counts as two points of 
intersection. But we have 


n—3+28=n—3+4(n—1)(— 2)=n(n— 2)—-1, 


and there remains just one point of intersection which varies with ¢. 
The codrdinates of this point are the solutions of certain linear equa- 
tions whose coefficients are integral polynomials in ¢, and hence they 
are themselves rational functions of ¢. Instead of the preceding we 
might have employed a family of curves of degree n —1 through the 
(n—1)(n—2)/2 double points and 2n — 3 ordinary points chosen at 
pleasure on C,,. 

If n=2, (n —1)(n — 2)/2 = 0, — every curve of the second 
degree is therefore unicursal, as we have seen above. If n=3, 
(n —1)(m — 2)/2 =1,—the unicursal curves of the third degree 
are those which have one double point. Taking the double point 
as origin, the equation of the cubic is of the form 


p3(x, ¥) + oo (x, y) = 90, 
where ¢; and ¢, are homogeneous polynomials of the degree of their 
indices. A secant y = ¢x through the double point meets the cubic 
in a single variable point whose codrdinates are 


ea oh t) pee es t) 
$3 d, t) ps a; t) 


*See, e.g., Niewenglowski, Cours de Géométrie analytique, Vol. Il, pp. 99-114. 
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A unicursal curve of the fourth degree has three double points. 
In order to find the coérdinates of a point on it, we should pass a 
family of conics through the three double points and through another 
point chosen at pleasure on the curve. Every conic of this family 
would meet the quartic in just one point which varies with the 
parameter. The equation which gives the abscissz of the points of 
intersection, for instance, would reduce to an equation of the first 
degree when the factors corresponding to the double points had 
been removed, and would give x as a rational function of the 
parameter. We should proceed to find y in a similar manner. 

As an example let us consider the lemniscate 


Gey ae ao), 


which has a double point at the origin and two others at the imagi- 
nary circular points. A circle through the origin tangent to one of 
the branches of the lemniscate, 


e+ y?=t(a—y), 
meets the curve in a single variable point. Combining these two 
equations, we find 
£2 (ae ut y)? ae (a? ay y), 
or, dividing by x — y, 
O(a —y)=a(y+a). 


This last equation represents a straight line through the origin which 
cuts the circle in a point not the origin, whose codrdinates are 
_ at(? + a?) 


_ at(t? — a?) 


t#+ at t* + a* 


These results may be obtained more easily by the following 
process, which is at once applicable to any unicursal curve of the 
fourth degree one of whose double points is known. The secant 
y = dx cuts the lemniscate in two points whose coérdinates are 


) ee 
- 1+» 


’ y = ro. 


The expression under the radical is of the second degree. Hence, 
by § 105, the substitution (1 —A)/(1+A) = (a/t)? removes the radi- 
eal. It is easy to show that this substitution leads to the expressions 
just found. 
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Note. When a plane curve has singular points of higher order, it 
can be shown that each of them is equivalent to a certain number of 
isolated double points. In order that a curve be unicursal, it is suffi- 
cient that its singular points should be equivalent to (n —1)(n — 2)/2 
isolated double points. For example, a curve of order m which has 
a multiple point of order » —1 is unicursal, for a secant through 
the multiple point meets the curve in only one variable point. 


109. Integrals of binomial differentials. Among the other integrals 
in which the radicals can be removed may be mentioned the follow- 


ing types: 


1 ee aces 
fab (Gee hN aes fx. Vaa +b, Vea + d)dz, 


fre ge sh) aie, 


where R denotes a rational function and where the exponents 
a, a', a’, ... are commensurable numbers. For the first type it is 
sufficient to set aw+b=t* In the second type the substitution 
ax +b =t* leaves merely a square root of an expression of the 
second degree, which can then be removed by a second substitution. 
Finally, in the third type we may set « = ¢?, where D is a common 
denominator of the fractions a, a', a", ---. 

In connection with the third type we may consider a class of 
differentials of the form 


x” (ax” + b)?dax, 


which are called binomial differentials. Let us suppose that the 
three exponents m, n, p are commensurable. If p is an integer, the 
expression may be made rational by means of the substitution 
xz = t?, as we have just seen. In order to discover further cases 
of integrability, let us try the substitution aa*+6—=¢. This gives 


#—8\ D2 aye? 
2=/ y, to L(—) dt, 
a Na a 

m+1_4 
front opannd fo( ya 
Na a 


The transformed integral is of the same form as the original, and 
the exponent which takes the place of p is (m+1)/n—1. Hence 
the integration can be performed if (m + 1)/n is an integer. 


V, § 109] RATIONAL FUNCTIONS 225 


On the other hand, the integral may be written in the form 


forme + 6x-")? dx, 


whence it is clear that another case of integrability is that in which 
(m+ np +1)/n=(m+1)/n+>p is an integer. To sum up, the 
integration can be performed whenever one of the three numbers 
Pp, (m +1) /n, (m+1)/n + p ts an integer. In no other case can the 
integral be expressed by means of a finite number of elementary 
functional symbols when m, n, and p are rational. 

In these cases it is convenient to reduce the integral to a simpler 
form in which only two exponents occur. Setting az” = dt, we find 


el oe 
e= (°) t”, iz = + (4) ie ‘dt, 
bp if m+1 Gass 
feroo+opar =" (2) “i fi bs (1 + ¢)? dt. 


Neglecting the constant factor and setting g = (m+ 1)/n —1, we 


are led to the integral 
feat t)? dt. 


The cases of integrability are those in which one of the three num- 
bers p,q, p +4 is an integer. If p is an integer and g=7/s, we 
should set t= wu’. If q is an integer and p=r/s, we should set 
1+t¢=w*. Finally, if p+¢ is an integer, the integral may be 


written in the form 
p 
feet 
t ? 


and the substitution 1+ ¢= tw’, where p =7'/s, removes the radical. 
As an example consider the integral 


fe Vi+ ada. 


Here m=1, n=3, p=1/8, and (m+1)/n+p=1. Hence this 
is an integrable case. Setting x* = ¢, the integral becomes 


tee te 
sf Bony 


and a second substitution 1+ ¢ = tu? removes the radical. 
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II. ELLIPTIC AND HYPERELLIPTIC INTEGRALS 


110. Reduction of integrals. Let P(x) be an integral polynomial 
of degree p which is prime to its derivative. The integral 


fr [, VP(a) | dx, 


where R denotes a rational function of « and the radical y = V P(«), 
cannot be expressed in terms of elementary functions, in general, 
when p is greater than 2. Such integrals, which are particular 
cases of general Abelian integrals, can be split up into portions which 
result in algebraic and logarithmic functions and a certain number 
of other integrals which give rise to new transcendental functions 
which cannot be expressed by means of a finite number of elemen- 
tary functional symbols. We proceed to consider this reduction. 

The rational function R(x, y) is the quotient of two integral 
polynomials in x and y. Replacing any even power of y, such as 
y*", by [P(x)]%, and any odd power, such as y?**!, by y [ P(x) ]%, we 
may evidently suppose the numerator and denominator of this frac- 
tion to be of the first degree in y, 


A -- By 
C+ Dy 


Rk (2, y) > 


where A, B, C, D are integral polynomials in x. Multiplying the 
numerator and the denominator each by C — Dy, and replacing y? 
by P(x), we may write this in the form 

Etna, 

Sere tao) 


R(a, y) = a 


where F, G, and K are polynomials. The integral is now broken 
up into two parts, of which the first {F/K dx is the integral of a 
rational function. or this reason we shall consider only the second 
integral ih Gy/K dx, which may also be written in the form 


ip Mdzx 

at | 

NN P(x) 

where M and WN are integral polynomials in z. The rational frac- 


tion M/N may be decomposed into an integral part E(x) and a 
sum of partial fractions 


1 


A 
x, 


M A, A 
en +a te + 


x 
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where each of the polynomials X, is prime to its derivative. We 
shall therefore have to consider two types of integrals, 


m dl. 
y, anda Z. =| Adx 
V P(a) X"V P(x) 
If the degree of P(x) is p, all the integrals Y,, may be expressed 
in terms of the first p—1 of them, Yo, Yi, ---, Yp—2, and certain 
algebraic expressions. 


For, let us write 
P(@) ee Lig ee SEE, 
It follows that 


is a V'P(x)) = ma™-1 V P(x) TAUAS) 
& 2ina™—* P(x) + a” P'(x) 
2 VP(@) 


The numerator of this expression is of degree m + p — 1, and its 
highest term is (2m + p)a,e™*?~'. Integrating both sides of the 
above equation, we find 


2a NPB a (210 eV, ney te 


where the terms not written down contain integrals of the type 
Y whose indices are less thanm+p—1. Setting m = 0, 1, 2,--., 


successively, we can calculate the integrals Y,_,, Y,, --- succes- 
sively in terms of algebraic expressions and the p — 1 integrals 
Yo; Y,,; anaes Ya 


With respect to the integrals of the second type we shall distin- 
guish the two cases where X is or is not prime to P(«). 


1) If X is prime to P(x), the integral Z, reduces to the sum of 
an algebraic term, a number of integrals of the type Y,, and a new 


uF Badx 
X VP(2) 


where B is a polynomial whose degree is less than that of X. 


integral 


Since X is prime to its derivative X' and also to P(x), X” is prime 
to PX'. Hence two polynomials X and p» can be found such that 
X" + wX'P = A, and the integral in question breaks up into 


two parts: 
i/ 
{- Ade y (Uw E ae, 
XV P(x) VP (x) Xx” 
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The first part is a sum of integrals of the type Y. In the second 
integral, when n > 1, let us integrate by parts, taking 
— —1 
pVP =U, v= (n—1) xr” 
which gives 
fete ede uVP fs 1 ie 2p'P + pP' ‘te 
NG GLO! 1) REG) 


The new integral obtained is of the same form as the first, except 
that the exponent of X is diminished by one. Repeating this 
process as often as possible, i.e. as long as the exponent of X is 
greater than unity, we finally obtain a result of the form 


if Adz - (244 Cdx | DVP 
= ? 
XV P(x) mwpod Sip ee 
where B, C, D are all polynomials, and where the degree of B may 
always be supposed to be less than that of X. 


2) If X and P have a common divisor D, we shall have X = YD, 
P = SD, where the polynomials D, S, and Y are all prime to each 
other. Hence two polynomials X and w may be found such that 
A=dD"+ »Y”, and the integral may be written in the form 


f Adx f A dx — 
X"\/P yeVP 
The first of the new integrals is of the type just considered. The 


second integral, 
bd 
DvP 


where D is a factor of P, reduces to the sum of an algebraic term 
and a number of integrals of the type Y. 


‘ 


For, since D” is prime to the product D'S, we can find two poly- 
nomials d, and p,; such that A, D" + p,D'S = w. Hence we may write 


pdx dA, dx fee 
SE == 5¢ — ax. 
ib D/P VP D/P 
Replacing P by DS, let us write the second of these integrals in the 
form 


VS 


prtt pr+k dex, 
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and then integrate it by parts, taking 


u=pmVS, v= eae ’ 


which gives 
{28 _ [{ Ade pyVS rf i (jes teS 4 
= ‘= ——————- an 
D*VP ER Vi ee | D/P 
This is again a reduction formula; but in this case, since the expo- 
nent »—1/2 is fractional, the reduction may be performed even 


when D occurs only to the first power in the denominator, and we 
finally obtain an expression of the form 


af pda ae Sn ie, 
DVP 


where H and K are polynomials. 
To sum up our results, we see that the integral 


He M da: 

NVP 

can always be reduced to a sum of algebraic terms and a number of 
integrals of the two types 


f= a” dae X, dx 
XVP 

where m is less than or equal to p — 2, where X is prime to its 
derivative X' and also to P, and where the degree of X, is less than 
that of X. This reduction involves only the operations of addition, 
multiplication, and division of polynomials. 

If the roots of the equation X = 0 are known, each of the rational 
fractions X,/X can be broken up into a sum of partial fractions of 
the two forms 


A Ba+cC 
peas (2 — a)? + B? 


where A, B, and C are constants. This leads to the two new types 


—— da it (Bx + C) dx 
(7 — a) VPC) [(@ — a)? + B*]}VP@) 


which reduce to a single type, namely the first of these, if we agree 
to allow a to have imaginary values. Integrals of this sort are 
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called integrals of the third kind. Integrals of the type Y,, are 
called integrals of the first kind when m is less than p/2—1, and 
are called integrals of the second kind when m is equal to or greater 
than p/2—1. Integrals of the first kind have a characteristic 
property, —they remain finite when the upper limit increases 
indefinitely, and also when the upper limit is a root of P(@) 
(§§ 89, 90); but the essential distinction between the integrals of 
the second and third kinds must be accepted provisionally at this 
time without proof. The real distinction between them will be 
pointed out later. 


Note. Up to the present we have made no assumption about the 
degree p of the polynomial P(#). If p is an odd number, it may 
always be increased by unity. For, suppose that P(x) is a poly- 
nomial of degree 2q —1: 


P(a) = Agu?—! + Ajyatt-? 4 .--+ Ay _). 


Then let us set x =a-+1/y, where a is not a root of P(x). This 
gives 


PCED (aja 1) ieee) 
Ce 


where P,(y) is a polynomial of degree 2g. Hence we have 


WAC) ee, 


y! 


P(a) = P(a) + P(a) ; Leas 


and any integral of a rational function of x and VP (a) is trans- 
formed into an integral of a rational function of y and VP, (y). 

Conversely, if the degree of the polynomial P(w) under the radi- 
cal is an even number 2g, it may be reduced by unity provided a 
root of P(x) is known. For, if a is a root of P(x), let us set 
x=a+1/y. This gives 


1 Pea) 1 _ Pi(y) 
IO) == IPO = Peco te SS a SY 
reas Cpls aye 


where P,(y) is of degree 27 — 1, and we shall have 


VP(@) PvP). 
y? 


Hence the integrand of the transformed integral will contain no 
other radical than VP, (y)- 
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111. Case of integration in algebraic terms. We have just seen that an integral 
of the form 


f Ble, V P(a) |da 


can always be reduced by means of elementary operations to the sum of an inte- 
gral of a rational fraction, an algebraic expression of the form @ VP(«)/L, and 
a number of integrals of the first, second, and third kinds. Since we can also 
find by elementary operations the rational part of the integral of a rational 
fraction, it is evident that the given integral can always be reduced to the form 


f *e, VP(@)] dx = Fle, VP(@)] sites 


where F is a rational function of « and V P(x), and where T is a sum of inte- 
grals of the three kinds and an integral f{X1 i AX dx, X being prime to its deriva- 
tive and of higher degree than X;. Liouville showed that if the given integra: 
is integrable in algebraic terms, it is equal to F[x, VP(x)]. We should there- 
fore haye, identically, ‘ 


R[e, VP@)] =< §rlz, VP@]}, 
and hence T = 0. 


Hence we can discover by means of multiplications and divisions of polynomials 
whether a given integral is integrable in algebraic terms or not, and in case it is, 
the same process gives the value of the integral. 


112. Elliptic integrals. If the polynomial P(x) is of the second 
degree, the integration of a rational function of x and P(«) can be 
reduced, by the general process just studied, to the calculation of the 
integrals 


da ue dx 
VP@) J @—a)VP@) 
which we know how to evaluate directly (§ 105). 

’ The next simplest case is that of elliptic integrals, for which P(x) 
is of the third or fourth degree. Either of these cases can be 
reduced to the other, as we have seen just above. Let P(x) be a 
polynomial of the fourth degree whose coefficients are all real and 
whose linear factors are all distinct. We proceed to show that 
a real substitution can always be found which carries P(a#) into a 
polynomial each of whose terms is of even degree. 


Let a, b,c, d be the four roots of P(w). Then there exists an 
involutory relation of the form 


(7) La! a! + M(x! + a!")+N=0, 
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which is satisfied by x’ = a, x! = 6, and by 2! =c, #!'=d. For the 
coefficients L, M, N need merely satisfy the two relations 


Lab+M(a+b)+N=0, 
Led + M(c+d)+N=0, 


which are evidently satisfied if we take 
L=a+b—c—d, M=cd—ab, N=ab(e+d)—ed(a+ bd). 


Let a and B be the two double points of this involution, ie. the 
roots of the equation 
Iw+2Mu+N=0. 


These roots will both be real if 
(cd — ab)?—(a +b —¢ — d)[ab(e+d)—ced(a + 6)]>0, 
that is, if 
(8) (a —c)(a—d)(b —c)(6—d)>0. 


The roots of P(x) can always be arranged in such a way that this 
condition is satisfied. If all four roots are real, we need merely 
choose a and 6 as the two largest. Then each factor in (8) is positive. 
If only two of the roots are real, we should choose a and 6 as the real 
roots, and ¢ and d as the two conjugate imaginary roots. Then the 
two factors a —¢ and a —d are conjugate imaginary, and so are the 
other two,b—c and d—d. Finally, if all four roots are imaginary, 
we may take a and é as one pair and ¢ and d as the other pair of 
conjugate imaginary roots. In this case also the factors in (8) are 
conjugate imaginary by pairs. It should also be noticed that these 
methods of selection make the corresponding values of L, M, N real. 
The equation (7) may now be written in the form 


ae ae! 


(9) Are 
If we set (« — a)/(x — 8) =y, or x = (By — a)/(y —1), we find 
wx eee sto ? 
PO= G1) 


where P,(y) is a new polynomial of the fourth degree with real 
coefficients whose roots are 


a—a b—a C— a Qa 
’ 7: 


a—B b-B c—p ad—B 


It is evident from (9) that these four roots satisfy the equation 
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y' + y" = 0 by pairs; hence the polynomial P,(y) contains no term 
of odd degree. 

If the four roots a, 6, ¢, d satisfy the equation a+ 6=c-+d, we 
shall have L = 0, and one of the double points of the involution lies 
at infinity. . Setting a = — N/2M, the equation (7) takes the form 


a —ate'—_a=0, 
and we need merely set « = a + y in order to obtain a polynomial 


which contains no term of odd degree. 
We may therefore suppose P(a) reduced to the canonical form 


P(w)= Ayx* + Aya? + Ag. 
It follows that any elliptic integral, neglecting an algebraic term 


and an integral of a rational function, may be reduced to the sum 
of integrals of the forms 


if dx f x dx ( a? dx 

EE | 5 | 

VA, t+, x?+A, VA,xt+A,a?+A, VAjat+A,2?+A, 
0 


and integrals of the form 


cE dx ; 
(a — a) VA, x! + A,xv?+ A, 
The integral 


ie dx 
VS SS 
Xo VAyx* + Ayu? + Ay 


is the elliptic integral of the first kind. If we consider z, on the 
other hand, as a function of w, this inverse function is called an 
elliptic function. The second of the above integrals reduces to an 
elementary integral by means of the substitution z?=w. The third 
integral 
ade 
V Aja! + A, x? + Ag 


is Legendre’s integral of the second kind. Finally, we have tho 
identity 


(i ee Lee aR eg eons] on oe 
(a — a)V P(x) (x? — a?) V P(x) (a? — a?) V P(x) 
The integral 
dx 
(x? + h)VAyat + Aya? + Ag 


is Legendre’s integral of the third kind. 
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These elliptic integrals were so named because they were first 
met with in the problem of rectifying the ellipse. Let 
| C2 COs o, y=bsind 
be the codrdinates of a point of an ellipse. Then we shall have 
ds* = da? + dy’ = (a*sin’¢ + 0? cos’) dd’, 
or, setting a? — 0? = ea’, 
as = aNV1— e cos? do. 


Hence the integral which gives an are of the ellipse, after the sub- 
stitution cos ¢ = ¢, takes the form 


a of 1. — ¢?# 
dt 
<a V (f= 2P) 


It follows that the are of an ellipse is equal to the sum of an inte- 
gral of the first kind and an integral of the second kind. 
Again, consider the lemniscate defined by the equations 
mee t(¢? + @’) pe ll =o) 


fe de ap Y ie te Oe 


An easy calculation gives the element of length in the form 


ds? = dx? + dy? = dt?. 


at 
tt os a* 
Hence the are of the lemniscate is given by an elliptic integral of 
the first kind.* 


113. Pseudo-elliptic integrals. It sometimes happens that an integral of the 
form f F[a, VP(x)] da, where P(x) is a polynomial of the third or fourth 
degree, can be expressed in terms of algebraic functions and a sum of a finite 
number of logarithms of algebraic functions. Such integrals are called pseudo- 
elliptic. This happens in the following general case. Let 


(10) Lae” + M(e’+2%)+N=0 


be an involutory relation which establishes a correspondence between two pairs of 
the four roots of the quartic equation P(x) = 0. If the function f(x) be such that 
the relation 


(11) rey + 4( - teen) 


Lz + M 
is identically satisfied, the integral [[ f(x) VE VP(a)] dx is pseudo-elliptic. 


* This is a common property of a whole class of curves discovered by Serret 
(Cours de Calcul différentiel et intégral, Vol. Il, p. 264). 
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Let @ and 8 be the double points of the involution. As we have already 
seen, the equation (10) may be written in the form 


7 


C—O a 
12 = 
( ) Vv’ a B aF ae’ —_ B 
Let us now make the substitution (« — a)/(e — 8) =y. This gives 
7 Epes ed A Ty fe yaa ee LU, 
(l—y)P (1—y)t’ 


and consequently 
dx — (a—§)dy 
7 


VP(@) VPi(y) 


where P;(y) is a polynomial of the fourth degree which contains no odd powers 
of y (§ 112). On the other hand, the rational fraction f(x) goes over into a 
rational fraction ¢(y), which satisfies the identity ¢(y)+¢(— y) =0. For if 
two values of x correspond by means of (12), they are transformed into two 
values of y, say y’ and y”, which satisfy the equation y’ + y” = 0. - It is evident 
that ¢(y) is of the form yyw(y?), where y is a rational function of y2. Hence 
the integral under discussion takes the form 


i yyy?ydy 

VAoyt + Ary? + Az 

and we need merely set y? = z in order to reduce it to an elementary integral. 
Thus the proposition is proved, and it merely remains actually to cary out 
the reduction. 

The theorem remains true when the polynomial P(x) is of the third degree, 
provided that we think of one of its roots as infinite. The demonstration is 
exactly similar to the preceding. 

If, for example, the equation P(x) = 0 is a reciprocal equation, one of the 
involutory relations which interchanges the roots by pairs is 72” =1. Hence, 
if f(x) be a rational function which satisfies the relation f(x) + f(1/x) = 0, 
the integral [[f(x)/VP(«)] da is pseudo-elliptic, and the two substitutions 
(e —1)/(e + 1) =y, y? = 2, performed in order, transform it into an elementary 
integral. 

Again, suppose that P(x) is a polynomial of the third degree, 


P(x) =2(@-0)(*- 5). 


Let us set a=0,b=0,c=1,d=1/k. There exist three involutory rela- 
tions which interchange these roots by pairs: 


1 1— Ke” ele 7 


4 ge / 


= —_, x= ————} (SS) oe 
ka” k2(1 — 2” 1— k@e”’ 


Hence, if f(x) be a rational function which satisfies one of the identities 


fe) +I (Gg) =9 fo)+t| aos |=9 rey + 5( = =E)= 0, 
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I(x) dx 
Vaz(1— x)(1 — k?2) 


is pseudo-elliptic. From this others may be derived. For instance, if we set 
x = 2, the preceding integral becomes 


the integral 


2f(22) dz 
V(1— 2) (1 — k222) 


whence it follows that this new integral is also pseudo-elliptic if f(z) satisfies 
one of the identities 


; 1— kez? 
fle) +1(ga) =0, fie) +f a5 | i 


fe) (P55) =0 


The first of these cases was noticed by Euler.* 


Ill. INTEGRATION OF TRANSCENDENTAL FUNCTIONS 


114. Integration of rational functions of sinx and cosx. It is well 
known that sinz and cosa may be expressed rationally in terms 
of tanz/2=t. Hence this change of variable reduces an integra] 
of the form 


f Rein x, COS x) dx 


to the integral of a rational function of ¢. For we have 


2dt ; 2t le 
Sin 2. =i 8 COS xz = ) 


2 = 72 are tant, Eee aeaiegas ite 


and the given integral becomes 


2 1—#\ 2d 
faz #2” ipa) oS = | eae, 


where &(¢) ‘is a rational function. For example, 


dx oY Cen sen 
Sih wae eo ee 


dx x 
fz on log tan 3° 


* See Hermite’s lithographed Cours, 4th ed., pp. 25-28. 


hence 
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The integral f[1/cos x]dx reduces to the preceding by means of the 
substitution « = 7/2 — y, which gives 


da Te ue, te 
J pea = 105 tan (F -§)=toetan (7 +32). 


The preceding method has the advantage of generality, but it is 
often possible to find a simpler substitution which is equally suc- 
cessful. Thus, if the function f(sin x, cosa) has the period 7, it is 
a rational function of tana, F(tan x). The substitution tana =¢ 
therefore reduces the integral to the form 


if rean x) de = { F02. 


As an example let us consider the integral 


dx 
Jaws == 


where A, B, C, Dare any constants. The integrand evidently has the 
period 7; and, setting tan x = ¢, we find 


eh f 
sl x COS & = -—,;? sin* 2 = 


1 
142’ 1+#2 tae 


cos? a = 


Hence the given integral becomes 


dt 
ic RE cr Ppa Ee). 
The form of the result will depend upon the nature of the roots 
of the denominator. Taking certain three of the coefficients zero, 
we find the formule 


dx dx 
—— =tanz, ee SOS tala, 
cos? x sin x COS x 


da 
Tapes ae cot x. 
J SIN” x 


When the integrand is of the form R(sin x) cos, or of the form 
R(cos x) sin #, the proper change of variable is apparent. In the 
first case we should set sina =¢; in the second case, cos x = ¢. 

It is sometimes advantageous to make a first substitution in order 
to simplify the integral before proceeding with the general method. 
For example, let us consider the integral 


dx 
s= aay eT ge ORT LR, 
acosxa+bsina+e 
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where a, b, c are any three constants. If p is a positive number 
and an angle determined by the equations 


a= pcos ¢, b=psin®¢, 
we shall have 
are a : b 
p= a* + 6, BE ea RS nr Tie meee 


and the given integral may be written in the form 


dx =) dy : 
pcos(x@—)+e p cosy + ¢ 


where x—qd=y. Let us now apply the general method, setting 
tan y/2=t. Then the integral becomes 


il 2 dt 
Upavg RCI S CAE 
Pane C 1p) ee 


and the rest of the calculation presents no difficulty. Two different 
forms will be found for the result, according as p*— c? = a? + 0?— ¢? 
is positive or negative. 
The integral 
mcosx+nsinx+p 
acosx+b6sina+e 


may be reduced to the preceding. For, let w~=acosx+bsinz+¢, 
and let us determine three constants d, w, and vy such that the equation 


moose +nsinn +p=dut po ty 


is identically satisfied. The equations which determine these num- 
bers are 
m=dAa+ pb, n = db — pa, p=dd.-+y, 


the first two of which determine \ and ». The three constants hav- 


ing been selected in this way, the given integral may be written in 
the form 


d 
hut pT + y de 
te ade t plogu ty fr 
u acosx+6sinza+ec 


Example. Let us try to evaluate the definite integral 


if da 


= 
Ip 1+ ecos% 


where Jel <1. 
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Considering it first as an indefinite integral, we find successively 


Bie 5 dt meee du 
1+ ecose tte ee Vi-e) 140" 


by means of the successive substitutions tanz/2=t, t=uV(1+ e)/(1—é). 
Hence the indefinite integral is equal to 


4 are tan (\ Serta . 
V1—eé l+e 2 


As @ varies from 0 to z, V(1—e)/(1+ e) tanz/2 increases from 0 to + o, and 
the arctangent varies from 0 to 7/2. Hence the given definite integral is equal 


to z/V(1— &). 


115. Reduction formule. There are also certain classes of integrals 
for which reduction formule exist. For instance, the formula for 
the derivative of tan*~!« may be written 


7 (tan”~1a) =(n —1) tan*-*a (1+ tan?a), 


whence we find 


a 
if tane2 de = tent 2 — f tanto de. 
n—1 


The exponent of tan in the integrand is diminished by two units. 
Repeated applications of this formula lead to one or the other of 
the two integrals 


fees, [tan zd = — log cose. 


The analogous formula for integrals of the type fcot"« da is 


tr-1 
ff cotta pele ae — f cotr-te dx. 
pil 


In general, consider the integral 


fsinms cos"« da, 


where m and n-are any positive or negative integers. When one of 
these integers is odd it is best to use the change of variable given 
above. If, for instance, » = 29 +1, we should set sinx =¢, which 
reduces the integral to the form {¢™(1— *)? dt. 

Let us, therefore, restrict ourselves to the case where m and n are 
both even, that is, to integrals of the type 


yf = f sins cos?" x da, 
m,n 
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which may be written in the form 


vé = f sintee cos**x sin «da. 
m,n 


Taking cos”*« sina dx as the differential of [—1/(2n +1) ]cos”*?z, 
an integration by parts gives 


a Pupie ce SCORER eye Tk 
= — sin 2. ——— 
m,n Mig, HN 2n +1 


f sini cos’" (1 — sin?x) da, 


which may be written in the form 


sin?™—!g cos?*+!a 2m —1 
(A) ies ar 2(m+n) 2(m + n) Le 


This formula enables us to diminish the exponent m without alter- 
ing the second exponent. If m is negative, an analogous formula 
may be obtained by solving the equation (A) with respect to J,_1,, 
and replacing m by 1— m: 


sin’ "a. cos**t12 | 2(2%—m +1 
(B) a ae ae P 


mn 1— 2m 1— 2m 


The following analogous formule, which are easily derived, enable 
us to reduce the exponent of cosa. 


sin2"+1 9 eos2"—1g ip A 
C : 
©) vES 2(m + n) 2(m + n) ree 
_. sin?’™+le cos!"**a | 2(m+1—n) 
(D) Lie LS Qn 3 Qn fA 


Repeated applications of these formule reduce each of the num- 
bers m and 7 to zero. The only case in which we should be unable to 
proceed is that in which we obtain an integral J,,,,, where m + n = 0. 
But such an integral is of one of the types for which reduction for- 
mule were derived at the beginning of this article. 


116. Wallis’ formule. There exist reduction formule whether the exponents 
m and n are even or odd. 


As an example let us try to evaluate the definite integral 
Tw 
Dn =| : sin™z dz, 
0 


where m is a positive integer. An integration by parts gives 
vw 


a T 7 
yh *sinm—lg¢ sin x dx = — [ecosz sin™-l¢]2 + (m — Ds sin™—2 cos?z dz, 
0 0 0 
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whence, noting that cos z sin—-1z vanishes at both limits, we find the formula 
Im = (m — 1) f ? sin” —245(1 — sin?a) dx = (m —1)(Im—2 — Im); 

which leads to the recurrent formula 


m—1 
(18) i Lae 
m 


Repeated applications of this formula reduce the given integral to Ip = 2/2 
if m is even, or to Jj =1 if m is odd. In the former case, taking m = 2p and 
replacing m successively by 2, 4, 6,---, 2p, we find 


1 3 2 1 
dies. 1s ae te sawed, tap= 9 Tap-2 


or, multiplying these equations together, 


1.3.5--.(p—1) x 
SAGO peene2 


Similarly, we find the formula 
2.4.6---2p 
1.3.5---(2p +1) 


ee 


A curious result due to Wallis may be deduced from these formule. It is 
evident that the value of J,, diminishes as m increases, for sin”+1z is less than 
sin"z. Hence 

Top +1< Top < Iop-1, 


and if we replace Igy 41, Iz», I2»—1 by their values from the formule above, we 
find the new inequalities 


A 2p 
H, >—> H, 
pei 52, Oey | 
where we have set, for brevity, 
2244 WwW-2 ®w 
pe eo : ; 
133 5 2%w--—1 2p-1 


It is evident that the ratio 7/2H, approaches the limit one as p increases indefi- 
nitely. It follows that. 2/2 is the limit of the product H, as the number of 
factors increases indefinitely. The law of formation of the successive factors is 
apparent. 


117. The integral J cos (ax + b)cos(a'x + b’)---dx. Let us consider 
a product of any number of factors of the form cos (ax + 6), where 
a and b are constants, and where the same factor may occur several 
times. The formula 
Cos (#% + Vv) Fy cos (wu — v) 
2 2 


COS 1% COS VU = 


242 INDEFINITE INTEGRALS [V, § 117 


enables us to replace the product of two factors of this sort by the 
sum of two cosines of linear functions of ~; hence also the product 
of n factors by the sum of two products of » —1 factors each. 
Repeated applications of this formula finally reduce the given inte- 
gral to a sum of the form 3H cos(Ax + B), each term of which is 
unmediately integrable. If A is not zero, we have 


fcos(sn + Ryde = CEES) 4 Ga 


while, in the particular case when 4 =0, fcos Bde =a cos B+ C. 
This transformation applies in the special case of products of 


the form 
cos™x sin” x, 


where m and n are both positive integers. For this product may 


be written 
Tv 
COS22) COSs 9 —2Z]5 


and, applying the preceding process, we are led to a sum of sines and 
cosines of multiples of the angle, each term of which is immediately 
integrable. 

As an example let us try to calculate the area of the curve 


5 3 
ug Ai 
() +) = 
which we may suppose given in the parametric form x = a cos?8, 


y = 6 sin®6, where 6 varies from 0 to 27 for the whole curve. The 
formula for the area of a closed curve, 


al 
ap ady —ydx, 
(@) 


A =) ou sin?6 cos?6 dé. 
F 2, 


gives 


But we have the formula 
, Le 5 
(sin 6 cos 0)? = a sin?29 = 8 (1 — cos 46). 


Hence the area of the given curve is 
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It is now easy to deduce the following formule : 


: 1 — cos 2x x sin 2x 
fine dx =|) mq dx Ron mar iis 
3 : 3 sin x — sin 3x 38cosx cos 3x 
8 | fg eee pe 
fon x dx =) mn da erry 
; 3 — 4 cos 2x + cos 4a 3a sin2x sin4sx 
47 dx = __ a 
fon a dee i 3 dx 3 A car ne, 


costa dr = [ 2# 8822 dy BSA 


2 2 4 
- _ [( 3cosx +4 cos 3x | Ssin ge - sin oa 
feos x dx =) 4 da a 4 oF 12 + Or, 
3 +4 cos 2” + cos 4x de . sin2x sin4dsx 
4 aot) Pete ee ee mepets Vawese 
fvoste de = f 3 dx aaa 1 ar 35 aes 


A general law may be noticed in these formule. The integrals 
Fi ie sin"xdx and (x) = i cos"* dx have the period 2a 
when n is odd. On the other hand, when x is even, these integrals 
increase by a positive constant when « increases by 27. It is evi- 
dent a priori that these statements hold in general. For we have 
20 Qa +x 
F(a + 27) = sin” a dx +f sin"« dz, 
on 0 Qr 


Qa ey 20 
F(x + 277) -{ sin”x dx +f sin" dz = F(x) +f sin"x da. 
0 0 0 


since sin x has the period 27r. If nm is even, it is evident that the 
integral A *" sin"a dx is a positive quantity. If m is odd, the same 
integral vanishes, since sin (x + 7) = — sin a. 


Note. On account of the great variety of transformations appli- 
cable to trigonometric functions it is often convenient to introduce 
them in the calculation of other integrals. Consider, for example, 
the integral eye: + a?) #) dx. Setting «=tandg, this integral 
becomes i cos ¢dp=singd+C. Hence, returning to the variable x, 


y MDT GNE tee +0 
Gaot vias * 
which is the result already found in § 105. 
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118. The integral f R(x) e**dx. Let us now consider an integral 
of the form f R(x) e°*dx, where R(x) is a rational function of 2. 
Let us suppose the function R(x) broken up, as we have done 
several times, into a sum of the form 

AP AR A 

R ==) eS ie a eet ee 

(x) (x) + X, ais xX Sas rs x” 

where E(x), A,, Azg,--:, A,, X1,-+:, X, are polynomials, and X; is 
prime to its derivative. The given integral is then equal to the 
sum of the integral { E(a)e*dx, which we learned to integrate in 
§ 85 by a suite of integrations by parts, and a number of integrals 


of the form 
i Ae®* dx 
eX 


There exists a reduction formula for the case when 7 is greater 
than unity. For, since X is prime to its derivative, we can determine 
two polynomials \ and » which satisfy the identity 4 =AX+pX'. 
Hence we have 


Ae da Neo dx px'e* 
ff x” =| xX -1 +f xX dx d 


and an integration by parts gives the formula 


pee Sl ae i pe il e? (wp! + pw) 
foe com Staaf yen 


Uniting these two formule, the integral under consideration is 
reduced to an integral of the same type, where the exponent n is 
reduced by unity. Repeated applications of this process lead to 


the integral 
B 0) 
if = aa, 


‘where the polynomial B may always be supposed to be prime to 
and of less degree than X. ‘The reduction formula cannot be applied 
to this integral, but if the roots of X be known, it can always be 
reduced to a single new type of transcendental function. For 
definiteness suppose that all the roots are real. Then the integral 
in question can be broken up into several integrals of the form 


ae’* 
dx. 
(i) 
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Neglecting a constant factor, the substitutions e=a+ y/o, u=e 
enable us to write this integral in either of the following forms: 


fe i du 
Yy i log u 


The latter integral f{ [1/log w]du is a transcendental function which 
is called the integral logarithm. 


119. Miscellaneous integrals. Let us consider an integral of the form 


fe fein x, cos x) da, 


where f is an integral function of sina and cos”. Any term of 
this integral is of the form 


i e* sin™ x cos"x dx, 


where m and n are positive integers. We have seen above that the 
product sin”x cos”” may be replaced by a sum of sines and cosines 
of multiples of x. Hence it only remains to study the following 


two types: 
jie cos ba dx, je sin bx dx. 


Integrating each of these by parts, we find the formule 


e*sinbe a : 
Lf em cose de = mente © fem sin de de, 


b b 
fem sin ba de = — SES feo cos be de 


Hence the values of the integrals under consideration are 


es . _ e*(a cos bx + b sin bx) 
fe cos ba dx = CLP ’ 


ee __ e*(a sin bx — 6 cos bx) 
fe sin bx dx = ee 


Among the integrals which may be reduced to the preceding 
types we may mention the following cases: 


J fos Zeya ae, f fee sin x) dx, 
4p f(a) are sin x dx, Jk J(x) arc tan x dx, 
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where f denotes any integral function. In the first two cases we 
should take log a or arc sina as the new variable. In the last 
two we should integrate by parts, taking f(x) da as the differential 
of another polynomial F(x), which would lead to types of integrals 
already considered. 


EXERCISES 


1. Evaluate the indefinite integrals of each of the following functions : 


1 1 ct — 78 — 82? —a 1l+V1+¢2 
a ’ 
(at + 1)?’ a (a8 +1)8” (a2 + 1)8 ; ieve 
1 l4+Vid+2 1 x 
——— i == XI ’ 
1l+2+vV1-+ 2 t/t +4 Ve+Ve+1+vVe(e+ 1) cos? x 


2 Pp 
LE" COS Ores x? tana. 
2. Find the area of the loop of the folium of Descartes: 
z+ y? — 8axzy — 0. 


3. Evaluate the integral f{ydz, where x and y satisfy one of the following 
identities : 


(x? — a*)? — ay? (2y + 8a) = 0, y7(a—2)= 25, y (22 + y?) = a(y? — 2). 
4. Derive the formule 


sin” % cos nx 


J sin"1e 008 (n + I) ade = - + C, 
fsinm te sin (n+ l)xdz= pea aae pp 
nN 


cos" x sin nx 


f cose cos(n + l)ede= 
n 


COS" & COS NX 


Pa +C. 


fcostts sin (n+ 1)¢dr= 


[Ever.] 
5. Evaluate each of the following pseudo-elliptic integrals : 


fe (1+ 2) dx f- (1 — 2?) dx 
(1—22)Vi+ a8 (1+ 22)Vi+ at 


6, Reduce the following integrals to elliptic integrals : 


R(x) dz 
Va(1+ 0°) + bx (1 + xt) + cx? (1+ a?) + dat 


R(x) dx 
Va(1+ #8) + ba? (1+ af) + cat 


where R(x) denotes a rational function. 
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7*, Let a,b, c,d be the roots of an equation of the fourth degree P(x) = 0. 


Then there exist three involutory relations of the form 
M2” +N; ; 
Ap EE EY, i= 1, 2; 3, 
Dy” + Mi 


which interchange the roots by pairs. If the rational function f(z) satisfies the 


identity 
M;x + Ni 
F(e) + x - a7 =0 
> Dye + M; : 


the integral {[f(x)/P («)]dz is pseudo-elliptic (see Bulletin de la Société mathé- 
matique, Vol. XV, p. 106). 


8. The rectification of a curve of the type y = Az leads to an integral of 
a binomial differential. Discuss the cases of integrability. 


9. If a>1, show that 


evel 
dz = a : 
iP (a—2)VI—-# Vor—1 


Hence deduce the formula 


TY ainde _1,8.5++-(2n—1) 
_y WMl= 2? 2.4.6---2n 


10. If AC — B?>0, show that 


ae da: Dis. oc — 3) An-l 
_, (Av? + 2Bn+ OC)" 2.4.6---(Qn—2) (AC — B2)n+4 
[Apply the reduction formula of § 104. ] 
11. Evaluate the definite integral 
: sin2x dx 
x 1 + 2a cosx + a? 


12. Derive the following formule : 


+1 ae’ 
dx zauat es 1+VapB wp>0. 
LL, V1l— Vee ee V1— 62 + B? Vas 1—Vap 


1 
ae (1 — az)(1 — Ba) de 12 — ap 
=. (1 = 2ae-42 @)(1 — 282 + 6) V1 — a 21— ap 


13*. Derive the formula 


+0 
i am—ldg 1 
CS a eee eh) 
1 n ome 
0 1 nsin™™ 


where m and n are positive integers (m<n). [Break up the integrand into 
partial fractions. ] 
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14. From the preceding exercise deduce the formula 


+O 4 
GS De eee ae Ve 
h 14+2 sin az 


15. Setting I,,, =f t7(¢ +1)? dt, deduce the following reduction formule: 


(ptat+)hqa@tiet+ 1)? + pIp-1,q5 
(p —1)L-p,qg = tt (¢ + 1)-? — (2+ 9—-p)T-pttas 


and two analogous formule for reducing the exponent gq. 


16. Derive formule of reduction for the integrals 


De a” dx Yate dx : 
"Ag? + DBs + CO a (x — a)™ VAa? + 2Ba +.C 


17*. Derive a reduction formula for the integral 


xr dx 
ee 


Hence deduce a formula analogous to that of Wallis for the definite integral 


de 
9 Vi- x 
18. Has the definite integral 


+2 de 
i 1+ a sin? 


19. Show that the area of a sector of an ellipse bounded by the focal axis 
and a radius vector through the focus is 


EES “ dw 
ma mei € COS w)?” 


where p denotes the parameter b?/a and e the eccentricity. Applying the gen-- 
eral method, make the substitutions tanw/2 =t, t= u vil + e)/(1 — e) succes- 
sively, and show that the area in question is 


A= ab arc tan u — e —“— ‘ 
Wa he 


Also show that this expression may be written in the form 


a finite value ? 


A= 2 (—esing), 


where ¢ is the eccentric anomaly. See p. 406. 


20. Find the curves for which the distance NT, or the area of the triangle 
MNT, is constant (Fig. 3, p. 31). Construct the two branches of the curve. 


[Licence, Paris, 1880; Toulouse, 1882. ] 
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21*. Setting 
2n+1 1 
A, = i - f (1 — 27)" cos azdz, 
2.4.6---2n Jo 


derive the recurrent formula 


dA 
An = (2 il An—« & 
4+1= (2n +1) ie 


. 
s 


From this deduce the formule 
Ag, = Ue,sine + Voy cosa, 


Agp+1 — Voy 41 sin x + Vop+1 COSZ, 
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where U2,, Vey, U2p+1, Vop+1 are polynomials with integral coefficients, and 
where U2, and Us,+41 contain no odd powers of xz. It is readily shown that 
these formule hold when n=1, and the general case follows from the above 


recurrent formula. 


The formula for A,, enables us to show that z? is incommensurable. 


For if 


we assume that 22/4 = b/a, and then replace x by 27/2 in Ag,, we obtain a 


relation of the form 


ee 
Hy = ary)? a 


a2.4.6---4p 


i 
di (1 — 22)?” cos ie dz, 
0 2 


where 7; is aninteger. Such an equation, however, is impossible, for the right- 


nand side approaches zero as p increases indefinitely. 


CHAPTER VI 


DOUBLE INTEGRALS 


I. DOUBLE INTEGRALS METHODS OF EVALUATION 
GREEN’S THEOREM 


120. Continuous functions of two variables. Let z= f(x, y) be a 
function of the two independent variables # and y which is contin- 
uous inside a region A of the plane which is bounded by a closed 
contour C, and also upon the contour itself. A number of proposi- 
tions analogous to those proved in § 70 for a continuous function 
of a single variable can be shown to hold for this function. For 
instance, given any positive number «, the region A can be divided into 
subregions in such a way that the difference between the values of x at 
any two points (x, y), (x', y') in the same subregion is less than e. 

We shall always proceed by means of successive subdivisions as 
follows: Suppose the region A divided into subregions by drawing 

parallels to the two axes at equal dis- 

y tances 6 from each other. The corre- 
como sponding subdivisions of A are either 
squares of side 8 lying entirely inside C, 
r| or else portions of squares bounded in 
part by an arc of C. Then, if the prop- 
osition were untrue for the whole region 
A, it would also be untrue for at least 

O ee * one of the subdivisions, say A,. Sub- 

dividing the subregion A, in the same 
manner and continuing the process indefinitely, we would obtain a 
sequence of squares or portions of squares A, Aj, -:-, A,, ---, for 
which the proposition would be untrue. The region A, lies between 
the two lines x =a, and a =6,, which are parallel to the y axis, 
and the two lines y =c,, y =d,, which are parallel to the 2 axis. 
As nm increases indefinitely a, and 6, approach a common limit A, 
and ¢, and d, approach a common limit p, for the numbers a,, 
for example, never decrease and always remain less than a fixed 
number. It follows that all the points of 4A, approach a limiting 

250 
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point (A, ») which lies within or upon the contour C. The rest of 
the reasoning is similar to that in § 70; if the theorem stated were 
untrue, the function f(a, y) could be shown to be discontinuous at 
the point (A, »), which is contrary to hypothesis. 


Corollary. Suppose that the parallel lines have been chosen 
so near together that the difference of any two values of z in any 
one subregion is less than «/2, and let » be the distance between 
the successive parallels. Let (x, y) and (a', y') be two points inside 
or upon the contour C, the distance between which is less than y, 
These two points will lie either in the same subregion or else in 
two different subregions which have one vertex in common. In 
either case the absolute value of the difference 


SOY) -f]OE' Y'?) 


cannot exceed 2e/2 =«. Hence, given any positive number «, another 
positive number yn can be found such that 


[Fe 9) —F@ y')|<« 


whenever the distance between the two points (x, y) and (a', y'), which 
lie in A or on the contour C, is less than yn. In other words, any func- 
tion which is continuous in A and on its boundary C is uniformly 
continuous. 

From the preceding theorem it can be shown, as in § 70, that every 
function which is continuous in A (inclusive of its boundary) is neces- 
sarily finite in A. If M be the upper limit and m the lower limit of 
the function in A, the difference M@ — m is called the oscillation. The 
method of successive subdivisions also enables us to show that the 
function actually attains each of the values m and M at least once 
inside or upon the contour C. Let a be a point for which. = m 
and 6 a point for which z = M, and let us join a and 6 by a broken 
line which lies entirely inside C. As the point (a, y) describes this 
line, z is a continuous function of the distance of the point (a, y) 
from the point a. Hence 2 assumes every value p» between m and 
M at least once upon this line (§ 70). Since a and 6 can be joined 
by an infinite number of different broken lines, it follows that the 
function f(x, y) assumes every value between m and M at an infinite 
number of points which lie inside of C. 

A finite region A of the plane is said to be less than Z in all its 
dimensions if a circle of radius 7 can be found which entirely 
encloses A. A variable region of the plane is said to be infinitesimal 
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in all its dimensions if a circle whose radius is arbitrarily preas- 
signed can be found which eventually contains the region entirely 
within it. For example, a square whose side approaches zero or an 
ellipse both of whose axes approach zero is infinitesimal in all its 
dimensions. On the other hand, a rectangle of which only one side 
approaches zero or an ellipse only one of whose axes approaches zero 
is not infinitesimal in all its dimensions. 


121. Double integrals. Let the region A of the plane be divided 
into subregions a, ag, ---, @, in any manner, and let w; be the area of 
the subregion a;, and M; and m; the limits of f(a, y) in a;. Consider 


the two sums 
S => o,M,, s =>» w;M;; 


—— ol 


each of which has a definite value for any particular subdivision 
of A. None of the sums S are less than mQ,* where Q is the area of 
the region 4 of the plane, and where m is the lower limit of f(a, y) 
in the region 4; hence these sums have a lower limit 7. Likewise, 
none of the sums s are greater than MQ, where J/ is the upper hmit 
of f(x, y) in the region 4; hence these sums have an upper limit J’. 
Moreover it can be shown, as in § 71, that any of the sums S is 
greater than or equal to any one of the sums s; hence it follows 
that 
gL aid 

If the function f(«, y) is continuous, the sums S and s approach 
a common limit as each of the subregions approaches zero in all its 
dimensions. Tor, suppose that is a positive number such that the 
oscillation of the function is less than « in any portion of 4 which 
is less in all its dimensions than 7. If each of the subregions ay, 
2, °-+, a, be less in all its dimensions than y, each of the differences 
M,—m, will be less than ¢, and hence the difference S — s will be 
less than «Q, where © denotes the total area of 4. But we have 


S—s=S—I+I]7—I'4+]/'~s, 


where none of the quantities S — J, J— I', I'—s can be negative. 
Hence, in particular, /— I'<«Q; and since « is an arbitrary posi- 
tive number, it follows that J = J'. Moreover each of the numbers 
S—Jand I —s can be made less than any preassigned number by 


*If f(x, y) is a constant k, M= m= M; = m;=k, and S=s=mQ= M2.— 
TRANS. 
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a proper choice of «. Hence the sums S and s have a common limit 
I, which is called the double integral of the function J(«, y) extended 
over the region A. It is denoted by the symbol 


Fe | fore y) dx dy, 


and the region A is called the field of integration. 

If (€;, 9) be any point inside or on the boundary of the sub- 
region q,, it is evident that the sum 3/(é,, 7;) @; lies between the two 
sums S and s or is equal to one of them. It therefore also 
approaches the double integral as its limit whatever be the method 
of choice of the point (€&,, 7;). 

The first theorem ot the mean may be extended without difficulty 
to double integrals. Let f(a, y) be a function which is continuous 
in A, and let ¢(z, y) be another function which is continuous and 
which has the same sign throughout A. For definiteness we shall 
suppose that $(«, y) is positive in A. If M and m are the limits of 
J(x, y) in A, it is evident that * 


Mo(E;, ni) > SEs 1) (Eis 11) 1 > MOE, 1) 3 
Adding all these inequalities and passing to the limit, we find the 


formula 
ff re y) (2, y) dx dy =nff o(x, y) dudy, 
(A) (A) 


where pu lies between M and m. Since the function f(x, y) assumes 
the value p at a point (€, n) inside of the contour C, we may write 
this in the form 


a) ff Ae noe yardy =26 9) [fee nena, 


which constitutes the law of the mean for double integrals. If 
$(x, y) =1, for example, the integral on the right, | [da dy, extended 
over the region 4, is evidently equal to the area Q of that region. 
In this case the formula (1) becomes 


2) f i fen yyae dy = 9968 7). 


*If f(x, y) is a constant £, we shall have M—= m — k, and these inequalities become 
equations. The following formula holds, however, with «= k.— TRANS. 
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122. Volume. To the analytic notion of a double integral corre- 
sponds the important geometric notion of volume. Let /(x, y) be 
a function which is continuous inside and upon a closed contour C. 
We shall further suppose for definiteness that this function is posi- 
tive. Let S be the portion of the surface represented by the equa- 
tion z = f(z, y) which is bounded by a curve I’ whose projection 
upon the zy plane is the contour C. We shall denote by £ the por- 
tion of space bounded by the zy plane, the surface S, and the cylinder 
whose right section is C. The region A of the xy plane which is 
bounded by the contour C being subdivided in any manner, let a; be 
one of the subregions bounded by a contour ¢;, and w, the area of 
this subregion. The cylinder whose right section is the curve ¢, cuts 
out of the surface S a portion s; bounded by a curve y;. Let p; and 
P, be the points of s; whose distances from the xy plane are a mini- 
mum and a maximum, respectively. If planes be drawn through 
these two points parallel to the xy plane, two right cylinders are 
obtained which have the same base w,;, and whose altitudes are the 
limits M, and m, of the function f(a, y) inside the contour ¢;, respec- 
tively. The volumes V; and v,; of these cylinders are, respectively, 
o;M, and w;m;.* The sums S and s considered above therefore repre- 
sent, respectively, the sums SV; and Sv, of these two types of cylin- 
ders. We shall call the common limit of these two sums the volume 
of the portion Z of space. It may be noted, as was done in the case 
of area (§ 78), that this definition agrees with the ordinary concep- 
tion of what is meant by volume. 

If the surface S lies partly beneath the xy plane, the double integral 
will still represent a volume if we agree to attach the sign — to the 
volumes of portions of space below the zy plane. It appears then that 
every double integral represents an algebraic sum of volumes, just as 
a simple integral represents an algebraic sum of areas. The limits of 
integration in the case of a simple integral are replaced in the case of a 
double integral by the contour which encloses the field of integration. 


123. Evaluation of double integrals. The evaluation of a double 
integral can be reduced to the successive evaluations of two simple 
integrals. Let us first consider the case where the field of integration 


*By the volume of a right cylinder we shall understand the limit approached by 
the volume of a right prism of the same height, whose base is a polygon inscribed in 
a right section of the cylinder, as each of the sides of this polygon approaches zero. 
[This definition is not necessary for the argument, but is useful in showing that the 
definition of volume in general agrees with our ordinary conceptions. —TRANs.] 
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is a rectangle R bounded by the straight lines «=a, «=X, 
Y=Y, y=Y, where 4<X and y<Y. Suppose this rectangle 
to be subdivided by parallels to the two axes r=, y=% 
(@@=1, 2,---,n; k=1, 2,---, m). The area of the small rectangle 
R,, bounded by the lines x = 2,;_,, x = %, y= Yz_1, Y = Yz 18 


(%; — ©;_1)(Yu — Yu—1)- 
Hence the double integral is the limit of the sum 


(3) aS >S > fens nix) (© — ®i1)(Ye — Yu-r)s 

TE 
where (&;, ,) 18 any point 
inside or upon one of the 
sides of Ry. 

We shall employ the inde- 
termination of the points 
(fe mz) 10 order to simplify 
the calculation. Let us re- 
mark first of all that if f(x) 
is a continuous function in 
the interval (a, 6), and if the interval (a, 6) be subdivided in any 
manner, a value €, can be found in each subinterval (a;_,, #;) such 
that 


&) [fe er=AE—9 + AE) Cat + HE)O— 2). 


For we need merely apply the law of the mean for integrals to each of 
the subintervals (a, x1), (1, %2), -+-, (@,_ , 0) to find these values of €,. 

Now the portion of the sum S which arises from the row of rec- 
tangles between the lines « = a,_, and x = 2; is 


(a; ae a1) F(Ea nin Tw Yo) PS Sis nia) (Ye me 1) Spee 
Eis Nir) (Yr ae Yu—1) eee elie 
let us take ¢.,=—2.—-- = £,, = @,_,,and then ‘choose. y;,, 45.-°- 
in such a way that the sum 
F(Gi-vy 111) Yi — Yo) +I(®i-v» M2) (Ya — Yi) + °° 


is equal to the integral is SF (#;-1, y) dy, where the integral is to be 
evaluated under the assumption that x;_, is a constant. If we pro- 
ceed in the same way for each of the rows of rectangles bounded by 
two consecutive parallels to the y axis, we finally find the equation 


(5) S= B(Xy) (1 — 2p) + B(x) (x, =) -E°: + ®(@;_1)("; —%;-1) Syn oo 
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where we have set for brevity 
Y 
Ho) =f fe, Day. 
Yo 


This function (x), defined by a definite integral, where x is con- 
sidered as a parameter, is a continuous function of x. As all the 
intervals x; —2;_, approach zero, the formula (5) shows that S 
approaches the definite integral 


2G 
f @(x) dx. 


Hence the double integral in question is given by the formula 


(6) ih J feo daedy = if fe J. Foe 


In other words, in order to evaluate the double integral, the function 
T(x, y) should first be integrated between the limits yy and Y, regard- 
ing x as a constant and yas a variable; and then the resulting fune- 
tion, which is a function of x alone, should be integrated again between 
the limits x) and X. 

If we proceed in the reverse order, ie. first evaluate the portion 
of S which comes from a row of rectangles which he between two 
consecutive parallels to the x axis, we find the analogous formula 


Jf ge y) da dy = [vf re fae. 


A comparison of these two formule gives the new formula 


XG Y ¥e x 
i ae { A y) dy ={ ay { He, y) de, 
* Yo Y% %% 


which is called the formula for integration under the integral sign. 
An essential presupposition in the proof is that the limits a, X, yo, Y 
are constants, and that the function /(#, y) is continuous throughout 
the field of integration. 


Hxample. Let z= xy/a. Then the general formula gives 


x Y 
xy xy 
dx di =F dx f dy 
dale a Y is mee Y 


Xx 
: 1 
=f 9g FH) de = Fo A i)" — He)- 
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In general, if the function f(a, y) is the product of a function of a 
alone by a function of y alone, we shall have 


Jf sovmer ty =f 6¢2) xf venan. 


The two integrals on the right are absolutely independent of each 
other. 


Franklin * has deduced from this remark a very simple demonstration of cer- 
tain interesting theorems of Tchebycheff. Let ¢(x) and (a) be two functions 
which are continuous in an interval (a, b), wherea<b. Then the double integral 


ff le@) = $@)1Y@) — ¥@)]dedy 


extended over the square bounded by the lines =a,x=b,y=a,y = 6 is equal 
to the difference 


2(b — a) [92 ¥(e) ax = 2 f(e)ae x fv) da. 


But all the elements of the above double integral have the same sign if the two 
tunctions ¢(v) and (x) always increase or decrease simultaneously, or if one of 
them always increases when the other decreases. In the first case the two func- 
tions ¢(x)—¢(y) and ~(x) — y(y) always have the same sign, whereas they have 
opposite signs in the second case. Hence we shall have 


(6 - a) foe) y(eyae > [oeaae xf y(a) ax 


whenever the two functions ¢(x) and y(x) both increase or both decrease through- 
out the interval (a, 0). On the other hand, we shall have 


(a) f oay(e)dn < f pa)de x fyeyae 


whenever one of the functions increases and the other decreases throughout the 
interval. 

The sign of the double integral is also definitely determined in case (x) = (a), 
for then the integrand becomes a perfect square. In this case we shall have 


@ x a) f [ole)Pde 2 [ fo av |’, 


whatever be the function ¢(z), where the sign of equality can hold only when 
(x) is a constant. 

The solution of an interesting problem of the calculus of variations may be 
deduced from this result. Let P and Q be two fixed points in a plane whose 
codrdinates are (a, A) and (6, B), respectively. Let y = f(x) be the equation of 
any curve joining these two points, where f(x), together with its first derivative 


* American Journal of Mathematics, Vol. VII, p. 77. 
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f'(2)s is supposed to be continuous in the interval (a, 6). The pes is to 
find that one of the curves y=f(x) for which the integral is y dz is a 
minimum. But by the formula just found, replacing ¢(x) by y’ and noting 
that f(a) = A and f(b) = B by hypothesis, we have 


- a) fy2dx >(B— A)? 


The minimum value of the integral is therefore (B — A)?/(b — a), and that value 
is actually assumed when y’ is a constant, i.e. when the curve joining the two 
fixed points reduces to the straight line PQ. 


124. Let us now pass to the case where the field of integration is 
bounded by a contour of any form whatever. We shall first suppose 
that this contour is met in at most two points by any parallel to the 
y axis. We may then suppose that it is composed of two straight 

lines x =@ and e=b (a<b) 
y Y B and two ares of curves APB 
and A'QB' whose equations are 
— ae Y, = $1(“) and Y, = ¢2(a), re- 
Fe spectively, where the functions 
B g, and ¢, are continuous be- 
ae tween a and bd. It may happen 
that the points A and 4' coin- 
* cide, or that B and B' coin- 
cide, or both. This occurs, for 
instance, if the contour is a convex curve like an ellipse. Let us 
again subdivide the field of integration R by means of parallels to 
the axes. Then we shall have two classes of subregions: regular if 
they are rectangles which lie wholly within the contour, irregular 
if they are portions of rectangles bounded in part by arcs of the 
contour. Then it remains to find the hmit of the sum 


=F SE, 0); 


where w is the area of any one of the subregions and (é, ») is a point 
in that subregion. 

Let us first evaluate the portion of S which arises from the row 
of subregions between the consecutive parallels « = a,_,, x =a@,. 
These subregions will consist of several regular ones, beginning 
with a vertex whose ordinate is y'2 Y, and going to a vertex whose 
ordinate is y"' < Y,, and several irregular ones. Choosing a suitable 
point (é, 7) in each rectangle, it is clear, as above, that the portion 
of S which comes from these regular rectangles may be written in 
the form 


O Xo U5 Uy x 
Fig. 25 
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(2; = ol S(@i-15 y) dy. 


Suppose that the oscillation of each of the functions ¢,(«) and ¢, («) 
in each of the intervals (a,;_,, x;) is less than 6, and that each of the 
differences y, — y,_, 18 also less than 6. Then it is easily seen that 
the total area of the irregular subregions between « = x,_, and x= 2% 
is less than 46(”; — z;_,), and that the portion of S which arises 
from these regions is less than 4H8(a;—x;_,) in absolute value, 
where H is the upper limit of the absolute value of f(a, y) in the 
whole field of integration. On the other hand, we have 


y”" Yo Y; yt 
if S(@-1 yY)dy = S(@i-v y) dy +f +f , 
y ¥y y’ Ye 


and since |Y, — y'| and |Y, — y"’| are each less than 28, we may write 
ide 


Y, 
Fei Y) ay, =f F(@:-1, y) dy + 48S, Sisal 
y ‘1 


The portion of S which arises from the row of subregions under 
consideration may therefore be written in the form 


Yo 
(x; — %;_1) ie S(@-1 ydy + 810.3 | 
Y, 


where 6, lies between —1 and +1. The sum 8H836;(a#; — x;_,) is 
less than 8H68(b — a) in absolute value, and approaches zero with 6, 
which may be taken as small as we please. The double integral is 
therefore the limit of the sum 


O(a) (a4, —@) +-+-+ B(x;_1)(&; —%1)+°°', 


where 
Ye 
P(x) = F S(®, y) dy. 


Hence we have the formula 


@ ff fe nacay= ie i ic yay. 


In the first integration 2 is to be regarded as a constant, but 
the limits Y, and Y, are themselves functions of x and not 


constants. 
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Example. Let us try to evaluate the double integral of the function xy/a 
over the interior of a quarter circle bounded by the axes and the circumference 


v2 + y2— R?2=0. 


The limits for z are 0 and R, andif z is constant, y may vary from 0 to VR? — x. 
Hence the integral is 


R V R222 R ——_ 8 Pang 
de oY ay ={ Se ae ee ={ pA ee 
‘ a ) 2a 0 i 2a 


The value of the latter integral is easily shown to be R4/8a. 


When the field of integration is bounded by a contour of any form 
whatever, it may be divided into several parts in such a way that 
the boundary of each part is met in at most two points by a parallel 
to the y axis. We might also divide it into parts in such a way that 
the boundary of each part would be met in at most two points by 
any line parallel to the # axis, and begin by integrating with respect 
to z. Let us consider, for example, a convex closed curve which lies 
inside the rectangle formed by the lines x = a,x =6,y=c¢, y=d, 
upon which he the four points A, B, C, D, respectively, for which x 
or y is aminimum or a maximum.* Let y, = ¢,(x) and y. = do(#) 
be the equations of the two arcs ACB and ADB, respectively, and 
let x, = Wn (y) and x, = ¥2(y) be the equations of the two arcs CAD 
and CBD, respectively. The functions ¢$,() and ¢.(#) are continu- 
ous between « and 6, and y¥(y) and y.(y) are continuous between ¢ 
andd. ‘The double integral of a function f(x, y), which is continuous 
inside this contour, may be evaluated in two ways. Equating the 
values found, we obtain the formula 


b Vo d Ly 
(8) fa S(#, y) dy = {af S(@, y) dx. 
a vy ce con ; 


It is clear that the limits are entirely different in the two integrals. 
Every convex closed contour leads to a formula of this sort. For 
example, taking the triangle bounded by the lines y=0, a =a, 
y =« as the field of integration, we obtain the following formula, 
which is due to Lejeune Dirichlet: 


fa f re ay = {ay f 70, y) dx. 
0 0 0 y 


* The reader is advised to draw the figure. 
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125. Analogies to simple integrals. The integral ‘hee S(t) dt, considered as a 
function of x, has the derivative f(x). There exists an analogous theorein for 
double integrals. Let f(x, y) be a function which is continuous inside a rec- 
tangle bounded by the straight linesz=a,*7= A, y=b, y= B,(a<A, b<B). 
The double integral of f(x, y) extended over a rectangle bounded by the lines 
C=a,%=X, y=b,y=YV,(a<X<A,d0<Y<B),is a function of the coérdi- 
nates X and Y of the variable corner, that is, 


F(X, Y)= i? fae uh eae 


Setting (zx) =f" Fe, y) dy, a first differentiation with respect to X gives 


Eo? Boge 54 eae 
aga X= ff MX nay. 


A second differentiation with respect to Y leads to the formula 


oer 
OX oY 


(9) = f(X,Y). 

The most general function u(X, Y) which satisfies the equation (9) is evi- 
dently obtained by adding to F(X, Y) a function z whose second derivative 
6?z/0X OY is zero. It is therefore of the form 


(10) W(X, Y= [ode f Ae, vay + (X) +H), 


where ¢(.XY) and y(Y) are two arbitrary functions (see § 38). The two arbitrary 
functions may be determined in such a way that u(X, Y) reduces to a given 
function V(Y) when X =a, and to another given function U(X) when Y = b. 
Setting X =a and then Y = bd in the preceding equation, we obtain the two 
conditions 

V(Y)=4¢@)+H(Y), U(X)=9(X)+¥), 


whence we find 
W(Y)=V(Y)-¢(@), YO=VO)-¢@, o(X)=U(X)-VO)+¢@), 
and the formula (10) takes the form 
pik Y 
(11) u(X, Y) = if dat 4 f(t, y) dy + U(X) +V(Y) —V(b). 


Conversely, if, by any means whatever, a function u(X, Y) has been found 
which satisfies the equation (9), it is easy to show by methods similar to the 
above that the value of the double integral is given by the formula 


ag Y 
(12) fi da i t(a, y) dy = u(X, Y) — u(X, b) — ula, Y) + u(a, b). 
This formula is analogous to the fundamental formula (6) on page 155. 


The following formula is in a sense analogous to the formula for integration 
by parts. Let A be a finite region of the plane bounded by one or more curves 
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of any form. A function f(#, y) which is continuous in A varies between its 
minimum vp and its maximum V. Imagine the contour lines f(z, y) = v drawn 
where v lies between v» and V, and suppose that we are able to find the area of 
the portion of A for which f(x, y) lies between vo and v. This area is a func- 
tion F(v) which increases with v, and the area between two neighboxing contour 
lines is F(v + Av) — F(v) = AvF’(v + OAv). If this area be divided into infinitesi- 
mal portions by lines joining the two contour lines, a point (£, 7) may be found 
in each of them such that f(g, 7) =v+ Av. Hence the sum of the elements 
of the double integral { {dx dy which arise from this region is 


(v + 0 Av) F’(v + OAv) Av. 
It follows that the double integral is equal to the limit of the sum 
Z(v + OAv) F’(v + OAv) Av, 


that is to say, to the simple integral 


Vv V 
Ip v F’(v) dv =VF(V) — if F(v) dv. 


) 


This method is especially convenient when the field of integration is bounded 


by two contour lines 
SF (2, Y) = %, F(a, MN) = Ve 


For example, consider the double integral ip uf V1 + 2? + y? dx dy extended over 
the interior of the circle 727+ y2=1. If we setv=V1+ 22-4 y?, the field of 
integration is bounded by the two contour lines v=1 and v = V2, and the 
function F(v), which is the area of the circle of radius Vv? —1, is equal to 
(v2 —1). Hence the given double integral has the value 


VE 
f° 2nvedo = @ V3 -1). * 
1 3) 
The preceding formula is readily extended to the double integral 


f fre, Y) $(@, y) dx dy, 


where F(v) now denotes the double integral f {¢(x, y)dxdy extended over that 
portion of the field of integration bounded by the contour line v = f(a, y). 


126. Green’s theorem. If the function f(z, y) is the partial deriva- 
tive of a known function with respect to either x or y, one of the 
integrations may be performed at once, leaving only one indicated 
integration. This very simple remark leads to a very important 
formula which is known as G'reen’s theorem. 


* Numerous applications of this method are to be found in a memoir by Catalan 
(Journal de Liouville, 1st series, Vol. IV, p. 233). 
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Let us consider first a double integral ff oP /ey dx dy extended 
over a region of the plane bounded by a contour C, which is met 
in at most two points by any line parallel to the y axis (see Fig. 15, 
p- 188). 

Let A and. B be the points of C at which x is a minimum and a 
maximum, respectively. A parallel to the y axis between Aa and 
Bb meets C in two points m, and m, whose ordinates are y, and y, 
respectively. Then the double integral after integration with respect 
to y may be written 


Sf Feea= fae ["s Fay =f (Pe, Yo) — P(x, y:)] dx. 


But the two integrals ie ’ P(a, yi)dx and fi ” P(a, Yy2)dx are line 
integrals taken along the arcs Am,B and Amz,B, respectively; hence 
the preceding formula may be written in the form 


(13) a jy dedy=— f P dz, 
(C) 


where the line integral is to be taken along the contour C in the 
direction indicated by the arrows, that is to say in the positive 
sense, if the axes are chosen as in the figure. In order to extend 
the formula to an area bounded by any contour we should proceed 
as above (§ 94), dividing the given region into several parts for each 
of which the preceding conditions are satisfied, and applying the for- 
mula to each of them. In a similar manner the following analogous 
form is easily derived : 


(14) [J oS ae dy =}, Qdy, 
¢) 


where the line integral is always taken in the same sense. Sub- 
tracting the equations (13) and (14), we find the formula 


(15) [Past aay ={{(2- 2) andy, 


where the double integral is extended over the region bounded by C. 

This is Green’s formula; its applications are very important. Just 

now we shall merely point out that the substitution Q@=a and’ 
P=—y gives the formula obtained above (§ 94) for the area of a 

closed curve as a line integral. 
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Il. CHANGE OF VARIABLES AREA OF A SURFACE 


In the evaluation of double integrals we have supposed up to the 
present that the field of integration was subdivided into infinitesimal 
rectangles by parallels to the two coérdinate axes. We are now going 
to suppose the field of integration subdivided by any two systems of 
curves whatever. 


127. Preliminary formula. Let w and v be the coérdinates of a point 
with respect to a set of rectangular axes in a plane, x and y the coér- 
dinates of another point with respect to a similarly chosen set of 
rectangular axes in that or in some other plane. The formule 


(16) CPR CL 0), y = o(u, v) 
establish a certain correspondence between the points of the two 
planes. We shall suppose 1) that the functions /(u, v) and (wu, v), 
together with their first partial derivatives, are continuous for all 
points (w, v) of the wy plane which le within or on the boundary of 
a region A, bounded by a contour C,; 2) that the equations (16) 
transform the region A, of the wv plane into a region A of the 
xy plane bounded by a contour C, and that a one-to-one correspond- 
ence exists between the two regions and between the two contours 
in such a way that one and only one point of A, corresponds to any 
point of A; 3) that the functional determinant A = D(f, ¢)/D(u, v) 
does not change sign inside of C,, though it may vanish at certain 
points of A,. 

Two cases may arise. When the point (w, v) describes the con- 
tour C; in the positive sense the point (a, y) describes the contour C 
either in the positive or else in the negative sense without ever 
reversing the sense of its motion. We shall say that the corre- 
spondence is direct or inverse, respectively, in the two cases. 

The area Q of the region A is given by the line integral 


a x dy 
() 


taken along the contour C in the positive sense. In terms of the 
new variables w and v defined by (16) this becomes 


Or =) S(% v) dou, v), 
(C1) 


where the new integral is to be taken along the contour C, in the 
positive sense, and where the sign + or the sign — should be taken 
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according as the correspondence is direct or inverse. Applying 
Green’s thecrem to the new integral with «= u,v = y, P =f 0¢/du, 
Q=f 0¢/ev, we find 


Q_aP_,_ Dif) 


du av 7 > Dt, v) 


anf [FE auav, 


or, applying the law of the mean to the double integral, 


whence 


ae DS; $) 

(17) Bt pe ay 
where (€, y) is a point inside the contour C,, and Q, is the area of 
the region A, in the wv plane. It is clear that the sign + or the 
sign — should be taken according as A itself is positive or negative. 
Hence the correspondence is direct or inverse according as A is positive 
or negative. 

The formula (17) moreover establishes an analogy between func- 
tional determinants and ordinary derivatives. For, suppose that the 
region A, approaches zero in all its dimensions, all its points approach- 
ing a limiting point (u,v). Then the region A will do the same, and 
the ratio of the two areas and Q, approaches as its limit the abso- 
lute value of the determinant 4. Just as the ordinary derivative is 
the limit of the ratio of two linear infinitesimals, the functional 
determinant is thus seen to be the limit of the ratio of two infinites- 
imal areas. From this point of view the formula (17) is the analogon 
of the law of the mean for derivatives. 


Remarks. The hypotheses which we have made concerning the correspondence 
between A and A; are not allindependent. Thus, in order that the correspond- 
ence should be one-to-one, it is necessary that A should not change sign in the 
region A, of the uv plane. For, suppose that A vanishes along a curve 7, which 
divides the portion of A, where A is 
positive from the portion where A is p 
negative. Let us consider a small arc ei fe once 
m,n, of 7; and a small portion of A, ON i! a! 
which contains the arc m,n. This \ 
portion is composed of two regions a, Ny 
and a{ which are separated by m1 m 
(Fig. 26). q, 

When the point (u, v) describes the Fic. 26 
region a, where A is positive, the point 
(z, y) describes a region a bounded by a contour mnpm, and the two contours 
m,n p1m, and mnpm are described simultaneously in the positive sense. When 
the point (u, v) describes the region aj, where A is negative, the point (2, y) 
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describes a region a’ whose contour nmgr is described in the negative sense as 
191% is described in the positive sense. The region a’ must therefore 
cover a part of the region a. Hence to any point (a, y) in the common part 
mrm correspond two points in the wv plane which lie on either side of the 
line m,n. 

As an example consider the transformation X = x, Y = y?, for which A = 2y. 
If the point (a, y) describes a closed region which encloses a segment ab of the 
x axis, it is evident that the point (X, Y) describes two regions both of which 
lie above the X axis and both of which are bounded by the same segment AB of 
that axis. A sheet of paper folded together along a straight line drawn upon it 
gives a clear idea of the nature of the region described by the point (X, Y). 

The condition that A should preserve the same sign throughout A, is not suf- 
ficient for one-to-one correspondence. In the example X = x? — y?, Y = 2ay, 
the Jacobian A = 4 (x? + y?) is always positive. But if (r, 6) and (R, w) are the 
polar coordinates of the points (a, y) and (X, Y), respectively, the formule of 
transformation may be written in the form R= r?,#=26. Asr varies from a 
to b (a <b) and @ varies from 0 to z + a (0<a< 7/2), the point (R, w) describes 
a circular ring bounded by two circles of radii a? and b?. But to every value of 
the angle w between 0 and 2a correspond two values of 6, one of which lies 
between 0 and a, the other between 7 and z+ a@. The region described by the 
point (X, Y) may be realized by forming a circular ring of paper which partially 
overlaps itself. 


128. Transformation of double integrals. First method. Retaining 
the hypotheses made above concerning the regions A and A, and the 
formule (16), let us consider a function F(a, y) which is continuous 
in the region A. To any subdivision of the region A, into subregions 
&, &,--+, a, corresponds a subdivision of the region 4 into sub- 
regions Qj, @2,---, @,. Let w,; and o; be the areas of the two corre- 
sponding subregions a; and @;, respectively. Then, by formula (17), 


DF. 4) |, 


Sk D(u;, v;) 


where uw; and v,; are the coordinates of some point in the region a,. 
To this point (w;, v;) corresponds a point x, = f(u;, v), ¥; = b(Uay %) 
of the region a;. Hence, setting ®(u, v) = F[ f(u, v), o(u, v)], we 


may write 
> F(a, Yi) = => D(u;, VY; 


t=1 


Df, ae 


t) 


whence, passing to the limit, we obtain the formula 


(18) f He F(a, y) da dy = = ie FES (y v), (uy “] ee P89 aad 
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Hence to perform a transformation in a double integral x and y should 
be replaced by their values as functions of the new variables u and v, 
and dxdy should be replaced by |A|dwdv. We have seen already 
how the new field of integration is determined. 

In order to find the limits between which the integrations should 
be performed in the calculation of the new double integral, it is in 
general unnecessary to construct the contour C, of the new field 
of integration A,. For, let us consider wu and v as a system of 
curvilinear coordinates, and let one of the variables wu and v in the 
formule (16) be kept constant while the other varies. We obtain 
in this way two systems of curves w= const. and v=const. By 
the hypotheses made above, one and only one curve of each of these 
families passes through any 
given point of the region A. 
Let us suppose for definite- 
ness that a curve of the 
family v = const. meets the 
contour C in at most two 
points M, and M, which cor- 
respond to values wu, and 22 
of wu (uw, < Ue), and that each 
of the (v) curves which meets 
the contour C lies between 
the two curves v=a and 
v=b (a<b). In this case 
we should integrate first 
with regard to u, keeping v constant and letting w vary from 1 
tO Uz, where uw, and wz, are in general functions of v, and then inte- 
grate this result between the limits a and 0. 

The double integral is therefore equal to the expression 


if rs I "PLA &), #(u 0) Alda. 


A change of variables amounts essentially to a subdivision of the 
field of integration by means of the two systems of curves (w) and (v). 
Let w be the area of the curvilinear quadrilateral bounded by the 
curves (wv), (w+ du), (v), (v + dv), where du and dv are positive. 
To this quadrilateral corresponds in the wv plane a rectangle whose 
sides are dwand dv. Then, by formula (17), w =|A(é, n)| du dv, where 
é lies between wv and u + du, and y between v and v + dv. The expres- 
sion |A(w, v)|dwdv is called the element of area in the system of 
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coérdinates (u,v). The exact value of w is w= §|A(u,v)|+ «§ dudu, 
where ¢ approaches zero with du and dv. This infinitesimal may be 
neglected in finding the limit of the sum F(a, y) , for since A(u, v) 
is continuous, we may suppose the two (w) curves and the two 
(v) curves taken so close together that each of the ¢’s is less in ab- 
solute value than any preassigned positive number. Hence the abso- 
lute value of the sum 3F(z2, y)« du dv itself may be made less than 
any preassigned positive number. 


129. Examples. 1) Polar codrdinates. Let us pass from rectangu- 
lar to polar coérdinates by means of the transformation « = p cosa, 
y=psinw. We obtain all the points of the xy plane as p varies 
from zero to + o and w from zero to 27. Here A =p; hence the 
element of area is p dw dp, which is also evident geometrically. Let 
us try first to evaluate a double integral extended over a portion of 
the plane bounded by an are AB which intersects a radius vector in 
at most one point, and by the two straight lines OA and OB which 
make angles w, and w, with the a axis (Fig. 17, p. 189). Let 
R = ¢$(w) be the equation of the arc AB. In the field of integration 
w varies from w, to w, and p from zero to R. Hence the double inte- 
gral of a function f(x, y) has the value 


> R 
ip aw f J(p COS w, p Sin w) p dp. 
Oy 0 


If the arc AB is a closed curve enclosing the origin, we should 
take the limits o;=0 and w,= 27. Any field of integration can 
be divided into portions of the preceding types. Suppose, for 
instance, that the origin lies outside of the contour C of a given 
convex closed curve. Let OA and OB be the two tangents from 
the origin to this curve, and let Rk; =/f,(w) and R, = fy(w) be the 
equations of the two arcs ANB and AMB, respectively. For a 
given value of w between w, and o,, p varies from R, to R,, and 
the value of the double integral is 


> Ry 
i, tw f J(p 608 w, p Sin w) p dp. 
oO Ry 


2) Elliptic codrdinates. Let us consider a family of confocal conics 


2 
(19) ogee 


eae ee 14 
A A—C? 
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where ) denotes an arbitrary parameter. Through every point of the plane pass 
two conics of this family, —an ellipse and an hyperbola, — for the equation (19) 


YH y y Z Ke 
YH Yy 


has one root ) greater than c?, and another positive root u less than c?, for any 
values of « and y. From (19) and from the analogous equation where } is 
replaced by » we find 


Nu JS(x — €2)(c2 — 
(20) oo we, y= Ta), O<pSec?Sn. 


To avoid ambiguity, we shall consider only the first quadrant in the zy plane. 
This region corresponds point for point in a one-to-one manner to the region of 
the Ay plane which is bounded by the straight lines 


anc. j=aAO}s p= Ce. 


It is evident from the formule (20) that when the point (), «) describes the 
boundary of this region in the direction indicated by the arrows, the point (a, y) 
describes the two axes Ox and Oy in the sense indicated by the arrows. The 
transformation is therefore inverse, which is verified by calculating A: 


_ 1X DO) X— pL 


an DA, 4) 4 Vie (Ap) 


130. Transformation of double integrals. Second method. We shall 
now derive the general formula (18) by another method which 
depends solely upon the rule for calculating a double integral. We 
shall retain, however, the hypotheses made above concerning the 
correspondence between the points of the two regions A and A,. 
If the formula is correct for two particular transformations 


erty gsi meee 
Y =$(%, v), v=¢i(wv', v'), 


it is evident that it, is also correct for the transformation obtained 
by carrying out the two transformations in succession. This follows 
at once from the fundamental property of functional determinants 
(§ 30) 

DY) me De, y) Du, v) 

Diu', v') Diu, v) Dw, v’) 
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Similarly, if the formula holds for several regions 4, B, C,---, L, 
to which correspond the regions A, By, Cy, ---, LZ, it also holds for 
the region 4+ B+C+.---4+ UL. Finally, the formula holds if the 
transformation is a change of axes: 


7 lay ! 
c=a2,+2'cosa—y'sina, Y=Yt+ue'sina+y Cosa. 


Here A = 1, and the equation 


ff F(a, y) dx dy 
(A) 
=f F(a) +«'cosa—y'sina, y+2'sin a+ y' cos a) dax'dy' 
(4) 


is satisfied, since the two integrals represent the same volume. 
We shall proceed to prove the formula for the particular trans- 
formation 


(21) a= o(a!, y'), y=y', 


which carries the region A into a region A' which is included between 
the same parallels to the x axis, y= y) and y=y,. We shall sup- 
pose that just one point of A corresponds to any given point of A' and 
conversely. Ifa paral- 
lel to the x axis meets 
the boundary C of the 
region 4 in at most two 
points, the same will be 
true for the boundary 
C' of the region 4'. To 
any pair of points mm, 
and m,on C whose or- 


dinates are each y cor- 
respond two points m', 
and m; of the contour C’. But the correspondence may be direct or 
inverse. To distinguish the two cases, let us remark that if 0¢/éz' is 
positive, « increases with a’, and the points m,) and m, and mj and 
m; lie as shown in Fig. 29; hence the correspondence is direct. On 
the other hand, if é/éa' is negative, the correspondence is inverse. 

Let us consider the first case, and let x, 2,, x), x! be the abscissa 
of the points mo, m,, mj, m}, respectively. Then, applying the for- 
mula for change of variable in a simple integral, we find 


7 Get ac hereon 
BC) hae Fld, y’), y'] a an", 
zy, art, 


0 4 ax 


Fig. 29 
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where y and y’ are treated as constants. A single integration gives 
the formuia 


Wy ea 4 xy 
fuf F(a, y) dx =| ay f FL o(#', y'), y' SS ae 
% *o % x 


But the Jacobian A reduces in this case to 0¢/éz', and hence the 
preceding formula may be written in the form 


Wi) F(a, y) dxdy ={f Fl od(@!, y'), y']|A| dx'dy’. 
(A) (4) 


This formula can be established in the same manner if é¢/éz' is 
negative, and evidently holds for a region of any form whatever. 

In an exactly similar manner it can be shown that the trans- 
formation 


(22) C= 2 y= (a, y') 
leads to the formula 


ine F(a, y) dx dy =ff F[a!, wa’, y') || A| da'dy', 
(A) cD) 


where the new field of integration A' corresponds point for point te 
the region A. 
Let us now consider the general formule of transformation 


(23) w= f(%1, 1); Y=Si(X, %)> 

where for the sake of simplicity (a, y) and (a, y,) denote the codr- 
dinates of two corresponding points m and M, with respect to the 
same system of axes. Let A and A, be the two corresponding regions 
bounded by contours C and Cj, respectively. Then athird point m'’, 
whose codrdinates are given in terms of those of m and M, by the 
relations 2’ = 71, y' = y, will describe an auxiliary region A', which 
for the moment we shall assume corresponds point for point to each 
of the two regions A and A,. The six quantities x, y, 7%, y%, x’, y' 
satisfy the four equations 


a= f(a; 41), y¥=Si(@y 1)» a! = ay, y =Y; 
whence we obtain the relations 
(24) a=, y' =fil%, 1), 
which define a transformation of the type (22). From the equation 
y'=fi(z', 71) we find a relation of the form y, = 7(a', y'); hence 
we may write 


(25) e=f(el,ny= 92, y), yoy’ 
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The given transformation (23) amounts to a combination of the two 
transformations (24) and (25), for each of which the general formula 
holds. Therefore the same formula holds for the transformation (23). 


Remark. We assumed above that the region described by the 
point m!' corresponds point for point to each of the regions A and 
A,. At least, this can always be brought about. For, let us con- 
sider the curves of the region A, which correspond to the straight 
lines parallel to the x axis in A. If these curves meet a parallel to 
the y axis in just one point, it is evident that just one point m’ of 
A' will correspond to any given point m of A. Hence we need 
merely divide the region A, into parts so small that this condition 
is satisfied in each of them. If these curves were parallels to the 
y axis, we should begin by making a change of axes. 


131. Area of a curved surface. Let S be a region of a curved sur- 
face free from singular points and bounded by acontourl. Let S$ 
be subdivided in any way whatever, let s; be one of the subregions 
bounded by a contour y;, and let m; be a point of s;. Draw the tan- 
gent plane to the surface S at the point m,;, and suppose s; taken so 
small that it is met in at most one point by any perpendicular to 
this plane. The contour y; projects into a curve y} upon this plane; 
we shall denote the area of the region of the tangent plane bounded 
by y; by o;. As the number of subdivisions is increased indefinitely 
in such a way that each of them is infinitesimal in all its dimensions, 
the sum Xo, approaches a limit, and this limit is called the area of 
the region S of the given surface. 

Let the rectangular codrdinates x, y, z of a point of S be given in 
terms of two variable parameters u and v by means of the equations 


(26) a= flu, v), y = $(%, v), z= yu, v), 
in such a way that the region S of the surface corresponds point for 
point to a region R of the uv plane bounded by a closed contour C. 
We shall assume that the functions f, ¢, and y, together with their 
first partial derivatives, are continuous in this region. Let R be 
subdivided, let 7; be one of the subdivisions bounded by a contour ¢,, 
and let w; be the area of r;. To 7; corresponds on S a subdivision s, 
bounded by a contour y;. Let o; be the corresponding area upon the 
tangent plane defined as above, and let us try to find an expression 
for the ratio o,/;. 

Let a;, B;, y; be the direction cosines of the normal to the surface S$ 
at a point m,(«;, y;, %) of s, which corresponds to a point (u;, v;) 
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of 7, Let us take the point m,; as a new origin, and as the new axes 
the normal at m; and two perpendicular lines m;X and m,Y in the 
tangent plane whose direction cosines with respect to the old axes are 
a’, B', y'and a", B", y", respectively. Let X, Y, Z be the coérdinates 
of a point on the surface S with respect to the new axes. Then, 
by the well-known formule for transformation of coérdinates, we 
shall have 

X=a'(a—a)+ By—y)+y' @—-4%); 

Y= all(x — x) + By —y) + y"(@ — 4), 

Z4=a,(4—%) +B: (y¥—y%) +¥: (% — %)- 
The area o; is the area of that portion of the XY plane which is 
bounded by the closed curve which the point (X, Y) describes, as 
the point (wu, v) describes the contour c;. Hence, by § 127, 


gfe Y |, 
DP 
where w; and v} are the codrdinates of some point inside of ¢;. An 
easy calculation now leads us to the form 

DOR) = Oe Hee Dy, 2) 

D(u!, v}) Pag ye yi) D(ul, v}) 


+ (y'a"—a'y") pe - + (a'B” — Bla") mona Y) 


CF; — 0) 


by 


or, by the well-known relations between the nine direction cosines, 
D(X, Y) D(y, 2) D(z, «) D(a, y) . 
Bes OPE) ee Bee 
Du, v}) a D(uj, V}) 7 Bi D(uj, v}) VL Neces D(ul, v}) 
Applying the general formula (17), we therefore obtain the equation 


D(y, 2) D(z, &) De, y) | | 


* D(u}, v}) 7 Bs D(uj, v}) te D(u}, vy |” 


Ce — @;)||& 


where w! and v! are the codrdinates of a point of the region 7; in the 
wv plane. If this region is very small, the point (uj, vj) is very near . 
the point (w,;, v,), and-we may write 
D D(z, x D(#, x 
Dy, 2) i (Y #) ae. (@ ) sa (2, @) dew). we 
D(uj, v{) ~— D(u, %) Dut, vi) — Duy %) 
D Z 
Xo; = Xo,| a; en abe Al I O30; | x €; + Be + yiet'|, 

where the absolute value of 6 does not exceed unity. Since the 
derivatives of the functions f, ¢, and wy are continuous in the 
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region R, we may assume that the regions 7; have been taken so 
small that each of the quantities ¢;, ¢/, «// is less than an arbitrarily 
preassigned number 7. Then the supplementary term will certainly 
be less in absolute value than 370, where © is the area of the 
region R. Hence that term approaches zero as the regions s; © 
(and r;) all approach zero in the manner described above, and the 
sum Xo; approaches the double integral 


iii a Ly Dre Ve. ee D(x, y) du dv, 
(R) 


D(u, v) D(u, v) YD(u, v) 
where a, B, y are the direction cosines of the normal to the surface S 
at the point (wu, v). 
Let us calculate these direction cosines. The equation of the 
tangent plane (§ 39) is 


fe ae z) De ee _  P@Y) Ds 
cS D met) play) D(u, a 2 Diu vy’ 
whence 
Cee ek: Y 


Dw 2) D& 2) De, ¥) aaa Dy. re es 


Diu, v) Diu,v) DY ») D(u, v) 
Choosing the positive sign in the last ratio, we obtain the formula 


ah ®) 2) D(e, &) D(x, ¥) 
“ D(u, v) as i an v) 


We D(u, v) D(u, D(u, v) D(u, v) 
The well-known identity 
(ab! — ba')? + (be' — cb')? + (ca! — ac')? 
= (a? + 6? + ¢?)(a'? + b'? + cl?) — (aa! + bb' + ce')?, 


which was employed by Lagrange, enables us to write the quantity 
under the radical in the form EG — F?, where 


Oa\? Ox 0x Oa\? 
jhe Cea ee 2 oe 
Ce S (2) ie S Ou Ov © Ss (=) : 


the symbol (5 indicating that a is to be replaced by y and z succes- 
sively and the three resulting terms added. It follows that the area 
of the surface S is given by the double integral 


(28) a= ff VEG — F* dudv. 
(BD 
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The functions E, F, and G play an important part in the theory 
of surfaces. Squaring the expressions for da, dy, and dz and adding 
the results, we find 


(29) ds? = dx? + dy? + dz? = Edu? + 2Fdudv + Gdv*. 


It is clear that these quantities E, F, and G do not depend upon 
the choice of axes, but solely upon the surface S itself and the inde- 
pendent variables w and v. If the variables w and v and the sur- 
face S are all real, it is evident that EG — F*® must be positive. 


132. Surface element. The expression VEG — F? du dv is called the 
element of area of the surface S in the system of coérdinates (u, v). 
The precise value of the area of a small portion of the surface bounded 
by the curves (w), (w+ du), (v), (v + dv) is (WEG — F? + 6) dudn, 
where « approaches zero with du and dv. It is evident, as above, 
that the term « du dv is negligible. 

Certain considerations of differential geometry confirm this result. 
For, if the portion of the surface in question be thought of as a small 
curvilinear parallelogram on the tangent plane to S at the point (u, v), 
its area will be equal, approximately, to the product of the lengths 
of its sides times the sine of the angle between the two curves (1) 
and (v). If we further replace the increment of are by the differ- 
ential ds, the lengths of the sides, by formula (29), are VE du and 
VG dv, if du and dv are taken positive. The direction parameters of 
the tangents to the two curves (w) and (v) are 0x /0u, dy/eu, dz/du 
and éx/év, dy/dv, 0z/0v, respectively. Hence the angle a between 
them is given by the formula 

Ox Ox 
S du Ov F 


ene 


whence sina = VEG — F?/VEG. Forming the product mentioned, 
we find the same expression as that given above for the element of 
area. ‘lhe formula for cos a shows that F = 0 when and only when 
the two families of curves (w) and (v) aze orthogonal to each other. 

When the surface S reduces to a plane, the formule just found 
reduce to the formule found in §128. For, if we set y(u, v) = 0 
we find 


da\" fay Ox du . Oy Oy da\? (ay\? 
p= (3) +(2): Pein on on 2S Vay ENG 
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whence, by the rule for squaring a determinant, 


Ox Ox |)? 

one Ou dv a E F BeBe a igi: 
ay dy |{ | F 6 
Ou ov 


Hence VEG — F’? reduces to |A|. 


Examples. 1) To find the area of a region of a surface whose equa- 
tion is z= f(a, y) which projects on the xy plane into a region R in 
which the function f(a, y), together with its derivatives p = Of /ex and 
q = Of /dy, is continuous. Taking x and y as the independent vari- 
ables, we find FE =1+4+ p*, F=pq, G=1+ 4’, and the area in ques- 
tion is given by the double integral 


aa aa dx dy 
30 a=ff 1+p?+ @dxdy = { 2% 
(30) ey Let sane) Wea 


where y is the acute angle between the z axis and the normal to the 
surface. 


2) To calculate the area of the region of a surface of revolution 
between two plane sections perpendicular to the axis of revolution. 
Let the axis of revolution be taken as the z axis, and let z = f(x) 
be the equation of the generating curve in the xz plane. Then the 
coordinates of a point on the surface are given by the equations 


x =pcosw, y = pSino, z= f(p), 
where the independent variables p and w are the polar coérdinates of 
the projection of the point on the xy plane. In this case we have 
ds? = dp*[1+ f'?(p)] + p’ dw’, 
Biz Df (p)s 1g 0 G =p"; 
To find the area of the portion of the surface bounded by two plane 
sections perpendicular to the axis of revolution whose radii are p, and 


p2, respectively, p should be allowed to vary from p, to p, (p< p2) and 
w from zero to 27. Hence the required area is given by the integral 


P2 2a Po 
a= f apf pV1+ f?(p) dw = 2m fi p/1+f"(p)dp, 
PL Pr 


and can therefore be evaluated by a single quadrature. If s denote 
the are of the generating curve, we have 


ds? = dp? + de® = dp[1+ f'°(p)], 
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and the preceding formula may be written in the form. 


P2 
A =i 27 p ds. 
Pa 


The geometrical interpretation of this result is easy: 2mpds is 
the lateral area of a frustum of a cone whose slant height is ds and 
whose mean radius is p. Replacing the area between two sections 
whose distance from each other is infinitesimal by the lateral area 
of such a frustum of a cone, we should obtain precisely the above 
formula for A. 

For example, on the paraboloid of revolution generated by revolv- 
ing the parabola x? = 2pz about the z axis the area of the section 
between the vertex and the circular plane section whose radius is 7 is 


A= 2m [2 phe pi dp = 5 (rt + pt ph) 
0 


Ill. GENERALIZATIONS OF DOUBLE INTEGRALS 
IMPROPER INTEGRALS SURFACE INTEGRALS 


133. Improper integrals. Let f(x, y) be a function which is con- 
tinuous in the whole region of the plane which lies outside a closed 
contour [. The double integral of f(x, y) extended over the region 
between I and another closed curve C outside of I has a finite value. 
If this integral approaches one and the same limit no matter how 
C varies, provided merely that the distance from the origin to the 
nearest point of C becomes infinite, this limit is defined to be the 
value of the double integral extended over the whole region 
outside IT. 

Let us assume for the moment that the function f(a, y) has a 
constant sign, say positive, outside Tr. In this case the limit of the 
double integral is independent of the form of the curves C. For, 
let C1, Ce, +++) Cy, +++ be a sequence of closed curves each of which 
encloses the preceding in such a way that the distance to the nearest 
point of C,, becomes infinite with n. Ifthe double integral I, extended 
over the region between I and C,, approaches a limit J, the same will 
be true for any other sequence of curves C], Cj, ---, Cl,, --- which 
satisfy the same conditions. For, if Z/, be the value of the double 
integral extended over the region between T and C!,, » may be 
chosen so large that the curve C, entirely encloses C},, and we 
shall have I!,<JI,<J. Moreover J/, increases with m. Hence J}, 


m 
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has a limit Z'< JZ. It follows in the same manner that J</'. Hence 
I'=T, i.e. the two limits are equal. 

As an example let us consider a function f(«, y), which outside a 
circle of radius 7 about the origin as center is of the form 


_ _¥(@% ¥) 
FY) = Gay yy 
where the value of the numerator y(«, vy) remains between two posi- 
tive numbers m and M. Choosing for the curves C the circles 
concentric to the above, the value of the double integral extended 
over the circular ring between the two circles of radii r and RF is 
given by the definite integral 
He . W(p COS w, p sin w)p dp 
dw a . 
0 r pP 


It therefore lies between the values of the two expressions 


R R 
d, d 
2am fi an ano [ rere 
r Pp ae 


By § 90, the simple integral involved approaches a limit as R 
increases indefinitely, provided that 2a —1>1 or a>1. But it 
becomes infinite with R if a1. 

If no closed curve can be found outside which the function f(x, y) 
has a constant sign, it can be shown, as in § 89, that the integral 
SSF, y) dx dy approaches a limit if the integral {Aste y)| da dy 
itself approaches a limit. But if the latter integral becomes infinite, 
the former integral is indeterminate. The following example, due 
to Cayley, is interesting. Let f(a, y)=sin(x? + y’), and let us inte- 
grate this function first over a square of side a formed by the axes 
and the two lines x =a, y=a. The value of this integral is 


fae f sin (x? + y?)dy 
0 0 
-[ sin «da xf cos y* dy +f cos x*da xf sin y?dy. 
0 0 0 0 


As @ increases indefinitely, each of the integrals on the right has 
a limit, by § 91. This limit can be shown to be V7r/2 in each case ; 
hence the limit of the whole right-hand side is 7. On the other 
hand, the double integral of the same function extended over the 
quarter. circle bounded by the axes and the circle 2? + y? = R? is 
equal to the expression 
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1 


Es R 
2 
[ae [psn ptdp = — 7 [00s g*}% = [1— cos R7], 
b / 4 ue 4. 


which, as R becomes infinite, oscillates between zero and 7/2 and 
does not approach any limit whatever. 

We should define in a similar manner the double integral of a 
function f(x, y) which becomes infinite at a point or all along a line. 
First, we should remove the point (or the line) from the field of 
integration by surrounding it by a small contour (or by a contour 
very close to the line) which we should let diminish indefinitely. 
For example, if the function f(x, y) can be written in the form 


¥(2, ¥) 
Nh een Bale 
in the neighborhood of the point (a, b), where (a, y) lies between 
two positive numbers m and M, the double integral of f(a, y) 
extended over a region about the point (a, 6) which contains no 
other point of discontinuity has a finite value if and only if a is 
less than unity. 


S(@ y) = 


134. The function B(p, q). We have assumed above that the contour C, 
recedes indefinitely in every direction. But it is evident that we may also sup- 
pose that only a certain portion recedes to infinity. This is the case in the above 
example of Cayley’s and also in the following example. Let us take the function 


f(a, y) = 4x2p-ly2a-le-w—v*, 


where p and qg are each positive. This function is continuous and positive in the 
first quadrant. Integrating first over the square of side a bounded by the axes 
and the lines x = a andy = a, we find, for the value of the double integral, 


f 2027362 da x fo 2y2-le-# dy. 
0 0 


Each of these integrals approaches a limit as a becomes infinite. For, by the 
‘definition of the function I'(p) in § 92, 


+0 
I(p) =f te-4e-*dt, 
0 
whence, setting ¢ = 7, we find 


+0 
(31) T(p) =f 2a2p-1e-2" dar 


Hence the double integral approaches the limit I'(p)I(q) as a becomes infinite. 
Let us now integrate over the quarter circle bounded by the axes and the 
circle 22 + y2 = R2. The value of the double integral in polar coérdinates is 


R 7 
f 2p2(p+9)—1 e-P” dp x [7 2cost?-1 9 sinta-19 dg. 
Onn ny 
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As R becomes infinite this product approaches the limit 


T(p + g) Bip, 9), 
where we have set 


(32) B(p, q) = [-? 2coste-19 sin?7-l¢dd@. 
* 0 
Expressing the fact that these two limits must be the same, we find the equation 


(33) T(p) T(q) = T(p + g) B(D, 9)- 


The integral B(p, q) is calied Euler’s integral of the first kind. Setting t= sin? ¢, 
it may be written in the form 


(34) B(p, @) = fa t)p-l dt. 


The formula (33) reduces the calculation of the function B(p, q) to the calcu- 
lation of the function I. For example, setting p = g = 1/2, we find 


[r(4)] = ray {7249 eins 


whence I'(1/2) = Vz. Hence the formula (31) gives 
+00 
f e-2 daz = vO 
0 2 
In general, setting g = 1 — p and taking p between 0 and 1, we find 


Yi -1 
T(p)T(1— p) = B(p, 1— p) =f. (: ; ‘); . 
0 


We shall see later that the value of this integral is 7/sin pz. 


135. Surface integrals. The definition of surface integrals is analogous to that 
of line integrals. Let S be a region of a surface bounded by one or more curvesTI. 
We shall assume that the surface has two distinct sides in such a way that if one 
side be painted red and the other blue, for instance, it will be impossible to pass 
from the red side to the blue side along a continuous path which lies on the sur- 
face and which does not cross one of the bounding curves.* Let us think of S as 
a material surface having a certain thickness, and let m and m’ be two points 
near each other on opposite sides of the surface. At m let us draw that half of 
the normal mn to the surface which does not pierce the surface. The direction 
thus defined upon the normal will be said, for brevity, to correspond to that side 
of the surface on which m lies. The direction of the normal which corresponds 
to the other side of the surface at the point m’ will be opposite to the direction 
just defined. 

Let z = ¢(@, y) be the equation of the given surface, and let S be a region of 
this surface bounded by a contour Tr. We shall assume that the surface is met 
in at most one point by any parallel to the z axis, and that the function ¢(z, y) 


*It is very easy to form a surface which does not satisfy this condition. We need 
only deform a rectangular sheet of paper ABCD by pasting the side BC to the side AD 
in such a way that the point C coincides with A and the point B with D. 
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is continuous inside the region A of the zy plane which is bounded by the curve C 
into which I projects. It is evident that this surface has two sides for which 
the corresponding directions of the normal make, respectively, acute and obtuse 
angles with the positive direction of the z axis. We shall call that side whose 
corresponding normal makes an acute angle with the positive z axis the upper 
side. Now let, P(x, y, z) be a function ofl the three variables x, y, and z which 
is continuous in a certain region of space which contains the region S of the sur- 
face. If z be replaced in this function by $(a, y), there results a certain function 
P[a, y, o(&, y)] of x and y alone; and it is natural by analogy with line integrals 
to call the double integral of this function extended over the region A, 


(35) f ip ne [x, y, b(@, y)]dxdy, 


the surface integral of the function P(z, y, z) taken over the region S of the given 
surface. Suppose the codrdinates a, y, and z of a point of S given in terms of two 
auxiliary variables u and v in such a way that the portion S of the surface corre- 
sponds point for point in a one-to-one manner to a region # of the wv plane. Let 
do be the surface element of the surface S, and y the acute angle between the posi- 
tive z axis and the normal to the upper side of S. Then the preceding double 
integral, by §§ 181-132, is equal to the double integral 


(36) SL P@ y, 2) cosyde, 


where «, y, and z are to be expressed in terms of uand v. This new expression 
is, however, more general than the former, for cosy may take on either of two 
values according to which side of the surface is chosen. When the acute angle y 
is chosen, as above, the double integral (35) or (86) is called the surface integral 


(37) J [P@ v 2 da dy 


extended over the upper side of the surface S. But if y be taken as the obtuse 
angle, every element of the double integral will be changed in sign, and the new 
double integral would be called the surface integral if f P dx dy extended over the 
lower side of S. In general, the surface integral J { Pda dy is equal to + the double 
integral (35) according as it is extended over the upper or the lower side of S. 

This definition enables us to complete the analogy between simple and double 
integrals. Thus a simple integral changes sign when the limits are interchanged, 
while nothing similar has been developed for double integrals. With the gen- 
eralized definition of double integrals, we may say that the integral Lf S (x, y) dx dy 
previously considered is the surface integral extended over the upper side of the 
zy plane, while the same integral with its sign changed represents the surface 
integral taken over the under side. The two senses of motion for a simple inte- 
gral thus correspond to the two sides of the zy plane for a double integral. 

The expression (86) for a surface integral evidently does not require that the 
surface should be met in at most one point by any parallel to the z axis. Inthe 
same manner we might define the surface integrals 


f fee y, 2) dy dz, f fRe, y, 2) dzdx, 


282 DOUBLE INTEGRALS [VI, § 136 


and the more general integral 
{fre y, z) du dy + Q(a, y, z)dydz + R(a, y, z)dzda. 
This latter integral may also be written in the form 


f [Posy + Qcosa +f cos p]dc, 


where a, 8, y are the direction angles of the direction of the normal which cor 
responds to the side of the surface selected. 
Surface integrals are especially important in Mathematical Physics. 


136. Stokes’ theorem. Let Z be a skew curve along which the functions 
P(z, y, Z), Q(z, y, 2), R(a, y, 2) are continuous. Then the definition of the line 


integral 
f, Pdz+Qdy+Rdz 
(L) 


taken along the line Z is similar to that given in § 93 for a line integral taken 
along a plane curve, and we shall not go into the matter in detail. If the curve L 
is closed, the integral evidently may be broken up into the sum of three line inte- 
grals taken over closed plane curves. Applying Green’s theorem to each of these, 
it is evident that we may replace the line integral by the sum of three double 
integrals. The introduction of surface integrals enables us to state this result in 
very compact form. 

Let us consider a two-sided piece S of a surface which we shall suppose for 
definiteness to be bounded by a single curve T. To each side of the surface 
corresponds a definite sense of direct motion along the contourT. We shall 
assume the following convention: At any point M of the contour let us draw 
that half of the normal Mn which corresponds to the side of the surface under 
consideration, and let us imagine an observer with his head at n and his feet at M; 
we shall say that that is the positive sense 
of motion which the observer must take in 
order to have the region S at his left hand. 
Thus to the two sides of the surface corre- 
spond two opposite senses of motion along 
the contour I. 

Let us first consider a region S of a sur- 
face which is met in at most one point by 
any parallel to the z axis, and let us suppose 
the trihedron Oxyz placed as in Fig. 80, 
where the plane of the paper is the yz plane 
and the x axis extends toward the observer. 
To the boundary I of S will correspond a 
closed contour C in the zy plane; and these 

Fia. 30 two curves are described simultaneously in 

the sense indicated by the arrows. Let 

2=f(%, y) be the equation of the given surface, and let P(a, y, 2) be a function 

which is continuous in a region of space which contains §. Then the line inte- 
gral Vike P(e, y, z) dx is identical with the line integral 
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1P\GO Wp, ; da 
SoFt Y, o(@, y)| dx 


taken along the plane curve C. Let us apply Green’s theorem (§ 126) to this 
latter integral. Setting 


P(a, y) = P[x, y, o(@, y)] 
for definiteness, we find 


oP(a, y) _ oP i oP op oP o6Pcosp 
= = oo ? 
oy oy oz oy “cy 6z Cosy 


where a, 8, y are the direction angles of the normal to the upper side of S. 
Hence, by Green’s theorem, 


us P(@, y) dx = (F cose - Fe cos ¥ cody 
ca oy cos y 


where the double integral is to be taken over the region A of the zy plane 
bounded by the contour C. But the right-hand side is simply the surface 


integral 
os B — ge Cos 7) dc 
oy 


extended over the upper side of S; and hence we may write 


JP ade = f  dede —— dedy. 
oy 


(sy® 


This formula evidently holds also when the surface integral is taken over the 
other side of S, if the line integral is taken in the other direction alongT. And 
it also holds, as does Green’s theorem, no matter what the form of the surface 
may be. By cyclic permutation of x, y, and z we obtain the following analogous 
formule : 


iL Qe, ¥, 2) dy =f 28 ae dy — 22 ay az, 
@) 02 


(sy 0% 


thes R(a, y, 2) dz =ff. = de — F de dr. 


Adding the three, we obtain Stokes’ theorem in its general form : 


SP y, 2) dx + Q(a, y, z)dy + R(a, y, z) dz 


(38) 
— —- — ce) dedy + (Tm 2) aye + (SE — SE ) aed. 
Lt oy Oz 0z ox 


The sense in which I is described and-the side of the surface over which the 
double integral is taken correspond according to the convention made above. 
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Iv. ANALYTICAL AND GEOMETRICAL APPLICATIONS 


137. Volumes. Let us consider, as above, a region of space bounded 
by the zy plane, a surface S above that plane, and a cylinder whose 
generators are parallel to the z axis. We shall suppose that the 
section of the cylinder by the plane z = 0 is a contour similar to 
that drawn in Fig. 25, composed of two parallels to the y axis and two 
curvilinear arcs APB and A'QB'. If z= f(a, y) is the equation of the 
surface S, the volume in question is given, by § 124, by the integral 


ae if ee i le, qd 


Now the integral ae T(x, y)dy represents the area A of a section of 
this volume by a plane parallel to the yz plane. Hence the preceding 
formula may be written in the form 


(39) V= if ae. 


The volume of a solid bounded in any way whatever is equal 
to the algebraic sum of several volumes bounded as above. For 
instance, to find the volume of a solid bounded by a convex closed 
surface we should circumscribe the solid by a cylinder whose gen- 
erators are parallel to the z axis and then find the difference between 
two volumes like the preceding. Hence the formula (39) holds for 
any volume which lies between two parallel planes # = a and x =) 
(a <b) and which is bounded by any surface whatever, where A 
denotes the area of a section made by a plane parallel to the two 
given planes. Let us suppose the interval (a, 4) subdivided by the 
points @, 21, %2,-+-, %,_,, 6, and let Ao, A,, ---, A;, --- be the areas 
of the sections made by the planes «=a, x = m,, ---, respectively. 
Then the definite integral if ’A da is the limit of the sum 


Ao (@1 — &) + Ay (a2 — 01) + +++ + Ay_i(@; — _))+°*. 


The geometrical meaning of thisresult is apparent. For A;_,(”;—2,_,), 
for instance, represents the volume of a right cylinder whose base is 
the section of the given solid by the plane « = x,_, and whose height 
is the distance between two consecutive sections. Hence the volume 
of the given solid is the limit of the sum of such infinitesimal cylin- 
ders. This fact is in conformity with the ordinary crude notion of 
volume. 
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If the value of the area A be known as a fnnction of x, the vol- 
ume to be evaluated may be found by a single quadrature. As an 
example let us try to find the volume of a portion of a solid of revo- 
lution between two planes perpendicular to the axis of revolution. 
Let this axis be the x axis and let z = f(x) be the equation of the 
generating curve in the az plane. The section made by a plane par- 
allel to the yz plane is a circle of radius f(x). Hence the required 
volume is given by the integral a if : [ f(a) Pde. 

Again, let us try to find the volume of the portion of the ellipsoid 


2 2 


beh nie! 2 23 
hh peat 

bounded by the two planes x = a,x = X. The section made by a 

plane parallel to the plane « = 0 is an ellipse whose semiaxes are 


6V1— «x?/a*? and eV1—x*/a*, Hence the volume sought is 


x 2 BS gan os 
al rbe(1—%) de = wbo(x—2, - 3), 
b a 3a 


0 


To find the total volume we should set «x =— a and X =a, which 
gives the value 47radc. 


138. Ruled surface. Prismoidal formula. When the area A is an integral 
function of the second degree in x, the volume may be expressed very simply 
in terms of the areas B and B’ of the bounding sections, the area b of the mean 
section, and the distance h between the two bounding sections. If the mean 
section be the plane of yz, we have 


3 
v= fw + 2ma +n) da = 21% + 2na. 
-a 3 
But we also have 


h=2a, N= B= la? + 2ma+n, B’ = la? — 2ma +n, 


whence n = b, a= h/2, 2la* = B + B’ — 2b. These equations lead to the formula 
h 
(40) ex (Bar Bich a0) 


which is called the prismoidal formula. 

This formula holds in particular for any solid bounded by a ruled surface and 
two parallel planes, including as a special case the so-called prismoid.* For, 
let y = ax +p and z = bx + q be the equations of a variable straight line, where 
a, b, p, and qg are continuous functions of a variable parameter t which resume 
their initial values when ¢ increases from t) to T. This straight line describes 


* A prismoid is a solid bounded by any number of planes, two of which are paral- 
lel and contain all the vertices. — TRANS. 
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a ruled surface, and the area of the section made by a plane parallel to the plane 
x = 0 is given, by § 94, by the integral 


uh 
A= [i (ax + pyle + y/)at, 
% 


where a’, 0’, c’, d’ denote the derivatives of a, b, c, d with respect tot. These 
derivatives may even be discontinuous for a finite number of values between lo 
and T, which will be the case when the lateral boundary consists of portions of 
several ruled surfaces. The expression for A may be written in the form 


ie T T 
Aaa f abat+af (ag +pb)at+ { pq'at, 
to to fo 
where the integrals on the right are evidently independent of x. Hence the 
formula (40) holds for the volume of the given solid. It is worthy of notice that 
the same formula also gives the volumes of most of the solids of elementary geometry. 


139. Viviani’s problem. Let C be a circle described with a radius OA (= R) 
of a given sphere as diameter, and let us try to find the volume of the portion 
of the sphere inside a circular cylinder whose right section is the circle C. 
Taking the origin at the center of the sphere, one fourth the required volume 
is given by the double integral 


Taf [VBE Bacay 


extended over a semicircle described on OA as diameter. Passing to polar coér- 
dinates p and w, the angle w varies from 0 to 7/2, and pfrom0to Rcosw. Hence 
we find 


Pd V 3 RiCOs aig ee 2 1 37 R cosw 
Yo flaa [vipa [Eltae ana, 
0 
or 
Viurs ’ 13 /fge DP 
2S ose R3 — BR sin? w) dw = —(— ——)- 
7 eat sin’ w) dw (3 ;) 


If this volume and the volume inside the cylinder 
which is symmetrical to this one with respect to 
the z axis be subtracted from the volume of the 
whole sphere, the remainder is 


Again, the area Q of the portion of the sur- 
Fra. 31 face of the sphere inside the given cylinder is 


Q=4f [VIF PF @ dedy. 


Replacing p and q by their values — a/z and — y/z, respectively, and passing to 
polar codrdinates, we find 
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Reosw Ba. 
Q= of? is. te eal? — R(V RP p2) 2 de, 


0 = 4R? [(1— sinw) de = 40 (- 1). 
0 H 


or 


Subtracting the area enclosed by the two cylinders from the whole area of the 
sphere, the remainder is 


42k? — 8R? € _ 1)= = Sie 


140. Evaluation of particular definite integrals. The theorems estab- 
lished above, in particular the theorem regarding differentiation 
under the integral sign, sometimes enable us to evaluate certain defi- 
nite integrals without knowing the corresponding indefinite integrals 
We proceed to give a few examples. 


Setting 
log (1+ ax 
A = F(a) =i ete) 3 ) dx, 


the formula for differentiation under the integral sign gives 


dA _ = CTs fo x da 
da Nas Gt (1+ ax)(1 + 27) 


Breaking up this integrand into partial fractions, we find 


x as 1 tae Pe 
(lfan)A+a%) 14+a\i+a? iLfaz)’ 


whence 
o ax dx ee. log (1 + a?) a Piet 
» Atax\ita) 221+) 142? ‘ 
it follows that 
TN og (1+ a? 
a cipher? jarotan a+ ee te, 


whence, observing that A vanishes when a = 0, we may write 


San da+f 5 
= a + 
4 -{ 21+ a 


Integrating the first of these aes by parts, we finally find 


3 are tan a da. 


A= ; are tan a log (1+ a’) 
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Again, consider the function «”. This function is continuous 


when «x lies between 0 and 1 and y between any two positive 
numbers a and b. Hence, by the general formula of § 123, 


1 b b 1 
fea f wdy= fay f wrae. 
0 a a 0 
1 


: 4 [5] i) 
Y = | —_ ] = ———_ 5 
fe Ee ye Iomega 


hence the value of the right-hand side of the previous equation is 


ip dy eis bs 1\). 
eat ae S a+1 


On the other hand, we have 


b y b b a 
x va 
x logx |, loge 


whence 


In general, suppose that P(a, y) and Q(a, y) are two functions 
which satisfy the relation 0P/éy = 0Q/éx, and that x9, 21, Yo, y1 are 
given constants. Then, by the general formula for integration 
under the integral sign, we shall have 


a "OP oT ~0Q 
ff af nf wf Fy 1%) 
or 


at) [Pen —Pe wide f “Lae 1) Ae dy. 


Cauchy deduced the values of a large number of definite inte- 
grals from this formula. It is also closely and simply related to 
Green’s theorem, of which it is essentially only a special case. 
For it may be derived by applying Green’s theorem to the line 
integral i Pdzx + Qdy taken along the boundary of the rectangle 
formed, by the lines c=a%, m=%, y=Y%, Y=. 

In the following example the definite integral is evaluated by a 
special device. The integral 


F(a) =| log (1— 2a cos x + a) dx 
0 
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has a finite value if |@| is different from unity. This function 


F(a) has the following properties. 
1) F(— a)= F(a). For 


“ F(— @) =i Log (1+ 2a cos x + a*) dx, 


or, making the substitution « = 7 — y, 


F(— a) =|. log (1— 2a cosy + a*)dy = F(a). 
0 
2) F(a’) =2F(a). For we may set 


2F(a) = F(a) + F(— a), 
whence 


2F (a) ={ [log (1 — 2a cos x + a?) + log(1+ 2a cos x + a?) |dx 
0 


-{ log (1 — 2a? cos 2a + a*) da. 
0 


If we now make the substitution 27 = y, this becomes 
ill v ~ 
2F(a) = a log (1 — 2a? cos y + a*) dy 
0 


20 
+3f log (1— 2a? cosy + a*)dy. 


Making a second substitution y = 27 — 2 in the last integral, we 
find 


Qn T 
f log (1— 2a? cos y + a*) dy ={ log (1— 2a? cos z + a*)dz, 
w 0 
which leads to the formula 
a) ip 
2F(a) = 5 F(a?) + 9 BGA = Ea"). 
From this result we have, successively, 


a 1 ON Se 1 i reg 2" 
F(a) = 5 F(a’) =7 Flat) =... = 5, Fla®). 
If || is less than unity, a” approaches zero as m becomes infinite. 
The same is true of F(a"), for the logarithm approaches zero, 
Hence, if |a| <1, we have F(a) = 0. 
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If |a| is greater than unity, let us set a=1/f. Then we find 


y 2cosx . 1 
Ha) =f log (1 = ; + 5)az 


=\f log(1— 28 cos x + 8°) da — m log B’, 
0 


where || is less than unity. Hence we have in this case 
F(a) = — 7 log 8? = 7 log a’. 


Finally, it can be shown by the aid of Ex. 6, p. 205, that F(+1)=0; 
hence F(a) is continuous for all values of a. 


141. Approximate value of logI'(n +1). A great variety of devices may be 
employed to find either the exact or at least an approximate value of a definite 
integral. We proceed to give an example. We have, by definition, 


+0 
rin +1)= f wre dx. 


The function x e-” assumes its maximum value n”e-” forz =n. As increases 
from zero to n, x e-” increases from zero to n”e-” (n>0), and when & increases 
from n to + o, a”e-* decreases from n”e-” to zero. Likewise, the function 
nre-re-© increases from zero to n®e-” as ¢ increases from — o to zero, and 
decreases from n”e-” to zero as ¢ increases from zero to +o. Hence, by the 
substitution . 


(42) ane-® = nre-ne-e 


the values of 2 and ¢ correspond in such a way that as ¢ increases from — a 
to +o, x increases from zero to + 0. 

It remains to calculate dv/dt. Taking the logarithmic derivative of each side 
of (42), we find 


We have also, by (42), the equation 


B= 2—n—niog (2). 
n 


For simplicity let us set c= n+ z, and then develop log (1+ z/n) by Taylor’s 
theorem with a remainder after two terms. Substituting this expansion in the 
value for ¢?, we find 


P=z—n| ~— ie Me ed 
= ag eta ’ 
mM an2(14+ 02)? | 2(n +02)? 


where @ lies between zero and unity. From this we find, successively, 
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whence, applying the formula for change of variable, 


n ice ees ees 
Tin +1).=2ne-" al Cm dt + anne» f° e~" (1— didi. 
The first integral is 


+ 2 . +c tes 
if e Pdi =2 [ e’dt=vz. 
—-mD 0 


As for the second integral, though we cannot evaluate it exactly, since we do 
not know 6, we can at least locate its value between certain fixed limits. For 
all its elements are negative between — o and zero, and they are all positive 
between zero and +. Moreover each of the integrals foes “fears is less in 
absolute value than f°” te-@dt = 1/2. It follows that 


(43) T(n +1) = V2n nner (a+ =) 
V2n 
where w lies between —1 and +1. 
If n is very large, w/-V2n is very small. Hence, if we take 


T(n +1) = ne-" V2nz 
as an approximate value of I'(n + 1), our error is relatively small, though the 


actual error may be considerable. Taking the logarithm of each side of (43), we 
find the formula ad 


(44) log I (n + 1) =(n + 5) logn —n +} log (22) +e, 


where ¢ is very small when n is very large. Neglecting «, we have an expression 
which is called the asymptotic value of logt(n+1). This formula is inter- 
esting as giving us an idea of the order of magnitude of a factorial. 


142. D’Alembert’s theorem. The formula for integration under the integral 
sign applies to any function f(x, y) which is continuous in the rectangle of inte- 
gration. Hence, if two different results are obtained by two different methods 
of integrating the function f(x, y), we may conclude that the function f(a, y) is 
discontinuous for at least one point in the field of integration. Gauss deduced 
from this fact an elegant demonstration of d’Alembert’s theorem. 

Let F(z) be an integral polynomial of degree min z. We shall assume for 
definiteness that all its coefficients are real. Replacing z by p(cosw + isinw), 
and separating the real and the imaginary parts, we have 

F(z) =P + iQ, 
where 
P= Aoyp™cosmw + Ayp™-1cos(m —1)Ho+-+--+An, 


Q = Aop™ sin mw + Aip™—! sin (m — 1) +--+ +Am-1psinw. 


If we set V = arc tan(P/Q), we shall have 


a 
Qo epee G.n pee 
OV __—s Op op Qe Ow Ow 
1 ae eer ee ee 


and it is evident, without actually carrying out the calculation, that the second 


derivative is of the form 
o2V M 


pow (P2+ Q2)2’ 


© 
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where M is a continuous function of p and w. This second derivative can only 
be discontinuous for values of p and w for which P and Q vanish simultaneously, 
that is to say, for the roots of the equation F(z) =0. Hence, if we can show that 
the two integrals 


20 R 
eV BV a 
45 d d d 
a i “f pow if Pf cpaw 


are unequal for a given value of R, we may conclude that the equation F(z) =0 
has at least one root whose absolute value is’less than R. But the second inte- 


gral is always zero, for 
Ices alles 
ry a 


and @V/dp is a periodic function of w, of period 27. Calculating the first inte- 
gral in a similar manner, we find 


La Vat eva ts? 
9 opow tng Ow Lae 


and it is easy to show that 0V/dw is of the form 


Cee — mA? p2mtoce 
Ow ia Aa pemt... 


where the degree of the terms not written down is less than 2m in p, and where 
the numerator contains no term which does not involve p. As p increases indefi- 
nitely, the right-hand side approaches —m. Hence R may be chosen so large 
that the value of 0V/dw, for p = R, is equal to — m + e, where e is less than m 
in absolute value. The integral fr (- m-+e)dw is evidently negative, and 
hence the first of the integrals (45) cannot be zero. 


EXERCISES 


1. At any point of the catenary defined in rectangular codrdinates by the 


equation 
Gece, 
= — ee e a 
y 2 te 


let us draw the tangent and extend it until it meets the « axis at'a point T. 
Revolving the whole figure about the x axis, find the difference between the areas: 
described by the arc AM of the catenary, where A is the vertex of the catenary, 
and that described by the tangent MT (1) as a function of the abscissa of the 
point M, (2) as a function of the abscissa of the point T. 

[Licence, Paris, 1889. ] 


2. Using the usual system of trirectangular codrdinates, let a ruled surface 
be formed as follows: The plane zOA revolves about the x axis, while the gen- 
erating line D, which lies in this plane, makes with the z axis a constant angle 
whose tangent is \ and cuts off on OA an intercept OC equal to dad, where a 
is a given length and 0 is the angle between the two planes zOz and zOA. 


e 


VI, Exs.] EXERCISES 2938 


1) Find the volume of the solid bounded by the ruled surface and the planes 
xOy, zOx, and zOA, where the angle @ between the last two is less than 27. 
2) Find the area of the portion of the surface bounded by the planes zOy, 
zO0xz, zOA. 
[Licence, Paris, July, 1882.] 


3. Find the volume of the solid bounded by the zy plane, the cylinder 
bx? + a?y? = a?b?, and the elliptic paraboloid whose equation in rectangular 
coordinates is 

22 ay? 
ce ph” gt 
[Licence, Paris, 1882.] 
4, Find the area of the curvilinear quadrilateral bounded by the four con- 
focal conics of the family 
x2 y? 
ae =1, 
A A-C 


which are determined by giving ) the values c?/3, 2c2/3, 4c2/3, 5c2/3, respectively. 
[ Licence, Besangon, 1885.] 
5. Consider the curve 
y = V2 (sina — cosz), 

where « and y are the rectangular coérdinates of a point, and where z varies 
from 7/4 to 57/4. Find: 

1) the area between this curve and the & axis; 

2) the volume of the solid generated by revolving the curve about the # axis; 


3) the lateral area of the same solid. 
[Licence, Montpellier, 1898. ] 


6. In an ordinary rectangular codrdinate plane let A and B be any two 
points on the y axis, and let 4A MB be any curve joining A and B which, together 
with the line AB, forms the boundary of a region AMBA whose area is a pre- 
assigned quantity S. Find the value of the following definite integral taken 
over the curve AMB: 


f (oty)er — my] de + [9’(We* — m]dy, 


where m is a constant, and where the function ¢(y), together with its derivative 


¢’(y), is continuous. 
[Licence, Nancy, 1895.] 


7. By calculating the double integral 
+0 +2 
— xy oj d 
if ble e-* sin axdy dx 


in two different ways, show that, provided that a is not zero, 


+o. 
Mae es Je 
® x 2 


8. Find the area of the lateral surface of the portion of an ellipsoid of revo- 
lution or of an hyperboloid of revolution which is bounded by two planes perpen- 
dicular to the axis of revolution. 
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9*. To find the area of an ellipsoid with three unequal axes. Half of the total 
area A is given by the double integral 


bo| > 


extended over the interior of the ellipse b?a? + ay? = a2b2. Among the methods 
employed to reduce this double integral to elliptic integrals, one of the simplest, 
due to Catalan, consists in the transformation used in § 125. Denoting the 
integrand of the double integral by v, and letting v vary from 1 to +, it is 
easy to show that the double integral is equal to the limit, as / becomes infinite, 


of the difference 
1 


Da ee 
mabl (i? — 1) ae (v? — 1) dv : 
: C2 (24 C2 c2 
\ (#14 §) (#148) : (#-1+3) (#-14 5) 


This expression is an undetermined form; but we may write 


+ 
2 
mab} —+ do 
ab ' 2 ; : 
(ei a ora) 


10*. If from the center of an ellipsoid whose semiaxes are a, b, c a perpen- 
dicular be let fall upon the tangent plane to the ellipsoid, the area of the surface 
which is the locus of the foot of the perpendicular is equal to the area of an 
ellipsoid whose semiaxes are bc/a, ac/b, ab/c. 

[WitxiAm Rozerts, Journal de Liouville, Vol. XI, Ist series, p. 81.] 
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11. Evaluate the double integral of the expression 


(« — y)*" f(y) 


extended over the interior of the triangle bounded by the straight lines y = xo, 
=, and « = X in two different ways, and thereby establish the formula 


Ay. a x X= n+1 
ff @ -wsuyay = if 2 fu)ay. 


' From this result deduce the relation 


[wf ae. { Fe) ax = wap d, © pve. 


0 


In a similar manner derive the formula 


and verify these formule by means of the law for differentiation under the 
integral sign. 


CHAPTER VII 


MULTIPLE INTEGRALS 
INTEGRATION OF TOTAL DIFFERENTIALS 


I. MULTIPLE INTEGRALS CHANGE OF VARIABLES 


143. Triple integrals. Let F(x, y, 2) be a function of the three 
variables x, y, which is continuous for all points M, whose rec- 
tangular coérdinates are (a, y, 2), in a finite region of space (FE) 
bounded by one or more closed surfaces. Let this region be sub- 
divided into a number of subregions (e;), (¢2), ---, (é,), whose vol- 
umes are V;, V2, ---, ¥,, and let (€;, ;, ¢;) be the coordinates of any 
point m, of the subregion (e;). Then the sum 


(1) Dy Fis is 6% 


approaches a limit as the number of the subregions (e;) is increased 
indefinitely in such a way that the maximum diameter of each of 
them approaches zero. This limit is called the triple integral of 
the function F(a, y, ~) extended throughout the region (£), and 
is represented by the symbol 


(2) ib i ie F(@, y #) de dy de. 


The proof that this limit exists is practically a repetition of the 
proof given above in the case of double integrals. 

Triple integrals arise in various problems of Mechanics, for 
instance in finding the mass or the center of gravity of a solid 
body. Suppose the region (£) filled with a heterogeneous sub- 
stance, and let p(a, y, z) be the density at any point, that is to say, 
the limit of the ratio of the mass inside an infinitesimal sphere about 
the point (a, y, #) as center to the volume of the sphere. If pw, and py 
are the maximum and the minimum value of » in the subregion (e,), 
it is evident that the mass inside that subregion lies between pv, 
and p2v;; hence it is equal to v;u(€,, ;, ¢;), where (€,, y,, ¢,) is a 
suitably chosen point of the subregion (e;). It follows that the total 

296 
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mass is equal to the triple integral [ [ [da dy dz extended through- 
out the region (£). 

The evaluation of a triple integral may be reduced to the suc- 
cessive evaluation of three simple integrals. Let us suppose first 
that the region (£) is a rectangular parallelopiped bounded by the 
six planes =a, =X, .y=y, ¥=V, 2 =e, 2 =Z. ‘Let (£) 
be divided into smaller parallelopipeds by planes parallel to the 
three codrdinate planes. The volume of one of the latter is 
(@; — © _1) (Ye — Ye-1) (4%: — %-1), and we have to find the limit of 
the sum 


(3) S= bapa Data ss Nik) Cina) (4; = Xi) (Ye a Yr—1)(% = 15 
Cee 


where the point (£7, yi, i.) is any point inside the corresponding 
parallelopiped. Let us evaluate first that part of S which arises 
from the column of elements bounded by the four planes 

e = X_1) LTE, Y = Ye=19 PS es 
taking all the points (€;., yx., i.) wpon the straight line « = 2,_,, 
y=¥Y;,-,- This column of parallelopipeds gives rise to the sum 


(@; — ©1) (Yu — Yux- LP Ci-1s Ye-1) £:)(41 — 20) +-°:], 
and, as in § 123, the f’s may be chosen in such a way that the 
quantity inside the bracket will be equal to the simple integral 


Z 
P(%;_1) Yu-1) =[ F(®;1) Ye-1) z) dz. 
7 
It only remains to find the limit of the sum 
pips (@; = ©i1)(Yu — Ye-1) P@i-15 Ye-1): ! 
i ek 
But this limit is precisely the double integral 


[fre y) dx dy 


extended over the rectangle formed by the lines x= a, x = X, 
Y¥=Yo,y¥=Y. Hence the triple integral is equal to 


2.§ 16 
iL da ule D(a, y) dy, 
a) i) 


or, replacing ®(a, y) by its value, 


BS vy Zz 
(Aye x: f dx di) dy if F(a, y, 2) dz. 
a) % % 
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The meaning of this symbol is perfectly obvious. During the first 
integration x and y are to be regarded as constants. The result will be 
a function of # and y, which is then to be integrated between the limits 
yy and Y, x being regarded as a constant and y as a variable. The 
result of this second integration is a function of x alone, and the last 
step is the integration of this function between the limits x) and X. 

There are evidentlyeas many ways of performing this evaluation 
as there are permutations on three letters, that is, six. For instance, 
the triple integral is equivalent to 


Z Bg Y Z 
f ae f ae f F(a, y, #) dy =[ W(z) dz, 
% % 4% % 


where (z) denotes the double integral of F(x, y, 2) extended over 
the rectangle formed by the linesw=a%,2=X,y=%Y%,y=Y. We 
might rediscover this formula by commencing with the part of the 
sum S which arises from the layer of parallelopipeds bounded by the 
two planes z = 2,_|,% = 2,. Choosing the points (&, y, ¢) suitably, 
the part of S which arises from this layer is 


WV (21_-1) (% — %1-1)> 


and the rest of the reasoning is similar to that above. 


144. Let us now consider a region of space bounded in any 
manner whatever, and let us divide it into subregions such that any 
line parallel to a suitably chosen 
fixed line meets the surface which 
bounds any subregion in at most 
two points. We may evidently 
restrict ourselves without loss of 
generality to the case in which a 
line parallel to the z axis meets 
the surface in at most two points. 
The points upon the bounding 
surface project upon the xy plane 
into the points of a region A 
bounded by a closed contour C. 
To every point (a, y) inside C cor- 
respond two points on the bound- 
ing surface whose coérdinates are 
2, = 1 (a, y) and 2, = ¢2(x, y). We shall suppose that the functions 
¢, and ¢, are continuous inside C, and that ¢,<¢,. Let us now 


Fig. 32 
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divide the region under consideration by planes parallel to the codr- 
dinate planes. Some of the subdivisions will be portions of paral- 
lelopipeds. The part of the sum (1) which arises from the column 
of elements bounded by the four planes 7 = x,_,, x= a, y = Yp-1, 
y = yx 1s equal, by § 124, to the expression 


(®; — © 1) (Yu — Yur) i F(@i_1) Ye-r) %) d% + = |b 


where the absolute value of ¢,, may be made less than any preassigned 
number « by choosing the parallel planes sufficiently near together. 


The sum 
ps Ei; — ©_1) (Yu — Yu-s) 
sl 


approaches zero as a limit, and the triple integral in: question is 
therefore equal to the double integral 


f J P(x, y)dax dy 
(A) 


extended over the region (A) bounded by the contour C, where the 
function (a, y) is defined by the equation 


O(a, x) =f F(a, y, 2) dz. 


If a line parallel to the y axis meets the contour C in at most two 
points whose codrdinates are y = y,(x) and y = y, (@), respectively, 
while x varies from z, to x2, the triple integral may also be written 
in the form 


% 4 2 
(5) i an ay f F(a, y, 2) dz. 
or 4 eq 


The limits 2, and z depend upon. both x and y, the limits y, and y, 
are functions of x alone, and finally the limits «, and x, are constants. 

We may invert the order of the integrations as for double inte- 
grals, but the limits are in general totally different for different 
orders of integration. 


Note. If Y(x) be the function of x given by the double integral 


Vg 4 
(a) = i dy 4c F(a, y, 2) dz 
My ey 
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extended over the section of the given region by a plane parallel to 
the yz plane whose abscissa is «, the formula (5) may be written 


i es. 


1 


This is the result we should have obtained by starting with the 
layer of subregions bounded by the two planes x= a,_,, © = 2%. 
Choosing the points (€, y, £) suitably, this layer contributes to the 
total sum the quantity 


W(a;_1)(%; — %_)). 


Example. Let us evaluate the triple integral ff [z dx dy dz extended through- 
out that eighth of the sphere x? + y? + z? = R* which lies in the first octant. If 
we integrate first with regard to z, then with regard to y, and finally with regard 
to xz, the limits are as follows: x and y being given, z may vary from zero to 
VR? — x2 — 72; x being given, y may vary from zero to VR? — 2?; and z itself 
may vary from zero to R. Hence the integral in question has the value 


Sf fedrdyde = [lae fr May fe nae, 


whence we find successively 


a a 1 : ; 
== = — y2 
‘ zdz 5 (fh x — y?), 


2 ge 


1 V R2— 22 arr es ms 1 } 1 : VR 1 
a, (Re — a v)dy = [5k — ay — 59] =, (2 — =), 


and it merely remains to calculate the definite integral A ee (R? — 22)? da, which, 
by the substitution « = R cos ¢, takes the form 


1 2 4 sind 
3 f Ri sint pd¢. 
Hence the value of the given triple integral is, by § 116, wR*/16. 
145. Change of variables. Let 
Cn SM v, w), 
(6) y= $(u, v, w), 
z= (u,v, w), 


be formule of transformation which establish a one-to-one corre- 
spondence between the points of the region (£) and those of another 
region (£,). We shall think of wu, v, and w as the rectangular codér- 
dinates of a point with respect to another system of rectangular 
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coordinates, in general different from the first. If F(a, y, 2) is a 
continuous function throughout the region (EF), we shall always have 


(7) SS Sore y, 2) de dy de 
=f f [Pere VU, W), ++ |2E2D | avdo ae, 


where the two integrals are extended throughout the regions (E) 
and (F,), respectively. This is the formula for change of variables 
in triple integrals. 

In order to show that the formula (7) always holds, we shall 
commence by remarking that if it holds for two or more particular 
transformations, it will hold also for the transformation obtained by 
carrying out these transformations in succession, by the well-known 
properties of the functional determinant (§ 29). If it is applicable 
to several regions of space, it is also applicable to the region obtained 
by combining them. We shall now proceed to show, as we did for 
double integrals, that the formula holds for a transformation which 
leaves all but one of the independent variables unchanged, — for 
example, for a transformation of the form 


(8) a= 2, y=y', 2=y¥(a', y', 2'). 
We shall suppose that the two points M(a, y, z) and M'(a', y’, 2') are 
referred to the same system of rectangular axes, and that a parallel 
to the z axis meets the surface which 
bounds the region (£) in at most two 
points. The formule (8) establish a corre- 
spondence between this surface and another 
surface which bounds the region (E'). The 
cylinder circumscribed about the two sur- 
faces with its generators parallel to the 
z axis cuts the plane z = 0 along a closed 
curve C. Every point m of the region A 
inside the contour C is the projection of 
two points m, and mz, of the first surface, 
whose coérdinates are z, and %, respectively, and also of two 
points m, and mj; of the second surface, whose coordinates are 2; 
and 2, respectively. Let us choose the notation in such a way 
that 2,<%:, and 2}< 2}. The formule (8) transform the point m, 
into the point mj, or else into the point m}. To distinguish the 
two cases, we need merely consider the sign of dy/dz'. If dy/éz!' is 


Fic. 33 
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positive, z increases with 2’, and the points m, and m, go into the 
points m{ and m4, respectively. On the other hand, if ¢y/éz' is 
negative, 2 decreases as 2! increases, and m, and mz go into m, and 
mi, respectively. In the previous case we shall have 


z 2 F) 
if F(a, y, 2) dz = ap Fla, y, W(x, Y; z)] = az, 
whereas in the second case 


f Fe y, #) dz = -{- Flax, y, U(x, Y; z')] oY dz'. 


1 


In either case we may write 


A 
Gz! 


(9) i ne y, #) dz = ns Fla, y, Wa, y #')) 


Bt 24 


If we now consider the double integrals of the two sides of this 
equation over the region A, the double integral of the left-hand side, 


jit dedy [ F(x, y, 2) dz, 
(A) zy 


is precisely the triple integral J { [ F(x, y,2) dxdydz extended through- 
out the region (Z). Likewise, the double integral of the right-hand 
side of (9) is equal to the triple integral of 


0 
F[a', y', wa’, y', 2')] - 


extended throughout the region (E£'), which readily follows when 
x and y are replaced by x’ and y',.respectively. Hence we have in 
this particular case 


aM F(x, y, 2)dx dy dz 

(B) 
= hey he bea oy 
Sf rtevs vey oil 


But in this case the determinant D(a, y, z)/D(z', y', 2") reduces to 
oy/éz'. Hence the formula (7) holds for the transformation (8). 

Again, the general formula (7) holds for a transformation of the 
type 


(10) w=fr',y', @'), y = o(@', y', 2’), BC) 


dx'dy'dz'. 
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where the variable z remains unchanged. We shall suppose that 
the formule (10) establish a one-to-one correspondence between 
the points of two regions (£) and (£'), and in particular that the 
sections R and R' made in (£) and (Z#'), respectively, by any 
plane parallel to the wy plane correspond in a one-to-one manner. 
Then by the formule for transformation of double integrals we 
shall have 


dee F(a, y, 2) da dy 
(R) 


(11) 
= J f,Ftre y'; #!), p(a', y', z'), Zz") 


Df, ¢) 
D(z', y') 


The two members of this equation are functions of the variable 
z=2z' alone. Integrating both sides again between the limits z, 
and z,, between which 2 can vary in the region (EZ), we find the 


formula 
Oop F(a, y, #) dx dy dz 
(2) 
XG) 2) axldy'ae!. 


But in this case D(a, y, z)/D(a', y', 2') = D(x, y)/D(a', y'). Hence 
the formula (7) holds for the transformation (10) also. 
We shall now show that any change of variables whatever 


da'dy'. 


(12) 


(13) x = f(*1, Yw 21), i= (x1, Ny) 21), eS W(a1, Ay 2) 


may be obtained by a combination of the preceding transformations. 
For, let us set 7’ =a, y'=y,, 2'=2. Then the last equation of 
(13) may be written 2’ =y(a', y', #1), whence 2,=7(a', y', 2’). 
Hence the equations (13) may be replaced by the six equations 


(14) c=f[2', 9’, w(a',y',2')], y=o[e,y, me y',2')], z=2', 
(15) ax! = %, y=") 2! = W(X, Yr» %1)- 


The general formula (7) holds, as we have seen, for each of the 
transformations (14) and (15). Hence it holds for the transforma- 
tion (13) also. 

We might have replaced the general transformation (13), as the 
reader can easily show, by a sequence of three transformations of 
the type (8). 
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146. Element of volume. Setting F(a, y, 2) =1 in the formula (7), 


(2) ¢ 2) 


The left-hand side of this equation is the volume of the region (£). 
Applying the law of the mean to the integral on the right, we find 
the relation 


D(x, Ys D(a, y, #) 


dudvdw. 
D(u, v, wv) 


oy) Cee D(u, v, w) 


? 
(&,7)$) 


where Vj is the volume of (£;), and €, », ¢ are the coordinates of some 
point in (Z,). This formula is exactly analogous to formula (17), 
Chapter VI. It shows that the functional determinant is the limit 
of the ratio of two corresponding infinitesimal volumes. 

If one of the variables u, v, w in (6) be assigned a constant value, 
while the others are allowed to vary, we obtain three families of 
surfaces, w = const., v = const., w = const., by means of which the 
region (Z) may be divided into subregions analogous to the paral- 
lelopipeds used above, each of which is bounded by six curved faces. 

-The volume of one of these subregions bounded by the surfaces 
(w), (4+ du), (v), (v+dv), (w), (w+ dw) is, by (16), 


or {RES SL 


cf dudvdw, 


where du, dv, and dw are positive increments, and where « is infini- 
tesimal with du, dv, and dw. The term «dwdv dw may be neglected, 
as has been explained several times (§ 128). The product 


DF, b ¥) 


D(u, v, w) ae dy de 


(17) a= 


is the principal part of the infinitesimal AV, and is called the element 
of volume in the system of curvilinear coérdinates (u, v, w). 

Let ds’ be the square of the linear element in the same system of 
coordinates. oe from (6), 


= lay Lay +2 aw, dy = 


Ob a 
Dp a du-+::s, de =X du ts, 


Ou 
whence, squaring and adding, we find 


(18) ie dx? + dy? + dz? 
= H,du?+H,dv?+H,dw?+2F, dvdw+2F,dudw+2F,dudv, 
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the notation employed being 
0x \? UONe Gay? 
m= §(S) > n= §(¥) > = §(52) > 
Ox Ox 0x Ox Ox Ox 
hi=§s— Fp) aa a) Fe= § > x? 
where the symbol AY means, as usual, that x is to be replaced by y 
and z successively and the resulting terms then added. 


The formula for dV is easily deduced from this formula for ds?. 
For, squaring the functional determinant by the usual rule, we find 


(19) 


du ou ou H, F, F, 
ae ll nn nfo 
Ox Oy O02 De Te 


dw dw ow 


whence the element of volume is equal to VM du dv dw. 

Let us consider in particular the very important case in which 
the codrdinate surfaces (w), (v), (w) form a triply orthogonal system, 
that is to say, in which the three surfaces which pass through any 
point in space intersect in pairs at right angles. The tangents to 
the three curves in which the surfaces intersect in pairs form a tri- 
rectangular trihedron. It follows that we must have F,= 0, F,=0, 
F;=0; and these conditions are also sufficient. The formule for 
dV and ds? then take the simple forms 


(20) ds? = H, du? + H,dv?+ H,dw*, dV =./H,H,H,dudv dw. 


These formule may also be derived from certain considerations of 
infinitesimal geometry. Let us suppose du, dv, and dw very small, 
and let us substitute in place of the small subregion defined above a 
small parallelopiped with plane faces. Neglecting infinitesimals of 
higher order, the three adjacent edges of the parallelopiped may be 
taken to be \/H, du, \/H, dv, and /H, dw, respectively. The for- 
mule (20) express the fact that the linear element and the element of 
volume are equal to the diagonal and the volume of this parallelo- 
piped, respectively. The area \/ H, H, du dv of one of the faces repre- 
sents in a similar manner the element of area of the surface (w). 

As an example consider the transformation to polar coérdinates 


(21) x=psin#écos®¢, y =psin@sing, 2= pcos 6, 
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where p denotes the distance of the point M(a, y, z) from the origin, 
6 the angle between OM and the positive z axis, and ¢ the angle 
which the projection of OM on the zy plane makes with the positive 
a axis. In order to reach all points in space, it is sufficient to let p 
vary from zero to +, 6 from zero to 7, and ¢ from zero to 27. 
From (21) we find 


(22) ds* = dp? + p* d@ + p* sin?6d¢’, 
whence 
(23) dV = p*sin 6dp dé dd. 


These formule may be derived without any calculation, however. 
The three families of surfaces (p), (9), (p) are concentric spheres 
about the origin, cones of revolution 
about the z axis with their vertices 
at the origin, and planes through 
the 2 axis, respectively. These 
surfaces evidently form a triply 
orthogonal system, and the dimen- 
sions of the elementary subregion 
are seen from the figure to be dp, 
pad, psinéddd; the formule (22) 
and (23) now follow immediately. 
be Fic. 34 To calculate in terms of the va- 

riables p, 6, and ¢ a triple integral 
extended throughout a region bounded by a closed surface S, which 
contains the origin and which is met in at most one point by a radius 
vector through the origin, p should be allowed to vary from zero to R, 
where R = f(6, ¢) is the equation of the surface; 9 from zero to 77; 
and ¢ from zero to 27. For example, the volume of such a surface is 


27 7 R 
v={ as [ wf p’ sin 6 dp. 
. 0 0 0 


The first integration can always be performed, and we may write 


2a T Ba: 
aes i np ae ES 
0 0 3 


Occasional use is made of cylindrical coérdinates 7, w, and z defined 
by the equations x = rcose, y=rsinw, z=2. It is evident that 


ds? = dr*® + 1? dw? + dz", 


and 
dV =rdwdrdz. 
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147. Elliptic codrdinates. The surfaces represented by the equation 


. 2 y? g2 
24 = OR 
2) is ea es 


where A is a variable parameter and a>b>c>0, form a family of confocal 
conics. Through every point in space there pass three surfaces of this family, — 
an ellipsoid, a parted hyperboloid, and an unparted hyperboloid. For the equa- 
tion (24) always has one root \; which lies between b and c, another root dA, 
between a and 6, and a third root \3 greater thana. These three roots Xj, dz, Ag 
are called the elliptic coordinates of the point whose rectangular codrdinates are 
(x, y, 2). Any two surfaces of the family intersect at right angles: if \ be given 
the values \; and de, for instance, in (24), and the resulting equations be sub- 
tracted, a division by 1 — dz gives 


2 y2 22 Z 
(Ar — @) (Ae — @) 3 (Ar — b)(Az — 0) a (Ar —c)(A2 —¢) i) 


(25) 


which shows that the two surfaces (A) and (Ag) are orthogonal. 
In order to obtain x, y, and z as functions of 1, de, \3, We may note that the 
relation 
(A — a)(A — B)(A — c) — 22 (A — B)(A — €) — y? (A — €)(A — a) — 22(A — )(X — ) 
= (A — Aa)(A — Ag) (A — Az) 


is identically satisfied. Setting \ =a, \ = 6, \=c, successively, in this equa- 
tion, we obtain the values 


eo (As = a)(a oS Au)(a@ = re) | 


(a — b)(a — ¢) 
_ (Az — 5) (Az — 8)(b — Au) 
(26) UES Lae ORE: 
Prams (Ag — C)(Ae = c) (4 == c) 
a (a — c)(b —c) 


whence, taking the logarithmic derivatives, 


2 
y 


iy — a Ag — a 3g — & 


De de eas 
dy = 
g u(t) 


) oN TN 
dz == a ap ==: ). 
2 Ay C¢ Ae — C Ag — C 


Forming the sum of the squares, the terms in dd; ddz, dd2 dg, Ag Ady must dis: 
appear by means of (25) and similar relations. Hence the coefficient of dj; is 


1 2 y? 22 j 
M,=- Le af 
ed E- a? (y=) a =e)? | 
or, replacing z, y, 2 by their values and simplifying, 


et Os) Oe =) 
~ 4 (Ar. — a)(Az — 5)(1 — €) 


(27) My 
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The coefficients Mz and Mg of dy3 and dz, respectively, may be obtained from 
this expression by cyclic permutation of the letters. The element of volume is 
therefore VM, Mo M3 any are dys ° 


} 


148. Dirichlet’s integrals. Consider the triple integral 


ff femea —x—y — z)sdxdydz 


taken throughout the interior of the tetrahedron formed by the four planes 
e=0, y¥=0, 2=0; c+ y7+2=1. Let us set 


e+yt+z=, y+z=kn, z= én, 


where é, 7, ¢ are three new variables. These formule may be written in the form 


y+z z 
wy A = —— » = 
é Sth ctenes n at+y+zZ y+e 


and the inverse transformation is 
CF (Lo) ey — ois) eee 


When g, y, and z are all positive and x + y + z is less than unity, é, y, and ¢ all 
lie between zero and unity. Conversely, if é, 7, and ¢ all lie between zero and 
unity, 2, y, and z are all positive and x + y + z is less than unity. The tetra- 
hedron therefore goes over into a cube. 

In order to calculate the functional determinant, let us introduce the auxiliary 
transformation X =~, Y=éy, Z=£énf, which gives r= X —Y, y= Y—-Z, 
z=Z. Hence the functional determinant has the value 


De, y, 2) _ D(t, y, 2) D(X, ¥, Z) 
Dé, 7, 3) D(X, ¥, 2) D& 1,9 


Seis 
and the given triple integral becomes 
1 1 1 ‘ 
+a+r+2(] — &)synqtr+l1(] — Fat fl eee 
fi def dn fo ge tatre9(— Eyeqatr +11 — myer — Hadg. 


The integrand is the product of a function of £, a function of », and a func- 
tion of ¢ Hence the triple integral may be written in the form 


[lptarreoa— t)edé x [ontren n)P dn atest fe kacke 
0 0 0 ; 
or, introducing I functions (see (88), p. 280), 


Tip +q+r+4+3)0(s +1) s T(q+r+ 2)T(p +1) x Er +1)T(q¢ +1) 
Tip+q+r+s-+ 4) r(p+q+r+3) (iq +r-+ 2) ; 


Canceling the common factors, the value of the given triple integral is finally 
found to be 


(28) T(p + YG +I)" +113 +1) 
T(p+q+r+s+4) 
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149. Green’s theorem.* A formula entirely analogous to (15), § 126, may be 
derived for triple integrals. Let us first consider a closed surface S which is 
met in at most two points by a parallel to the z axis, and a function R(a, y, z) 
which, together with 0R/dz, is continuous throughout the interior of this surface. 
All the points of the surface S project into points of a region A of the zy plane 
which is bounded by a closed contour C. To every point of A inside C corre- 
spond two points of S whose coérdinates are 21 = $1(%, y) and Z = ¢2(a, y). 
The surface S is thus divided into two distinct portions S,; and S,. We shall 
suppose that 2, is less than z2. 

Let us now consider the triple integral 


JffF eee Eady de 


taken throughout the region bounded by the closed surface S. A first integra- 
tion may be performed with regard to z between the limits z and Ze (§ 144), 
which gives R(x, y, Z2) — R(x, y, 21). The given triple integral is therefore 
equal to the double integral 


ih [R(@, y, 22) — R(a, y, 21)] dxdy 


over the region A. But the double integral ff R(x, y, 22) dx dy is equal to the 


surface integral (§ 135) 
If R(a, y, 2) dady 
(Sp) 


taken over the upper side of the surface Sz. Likewise, the double integral of 
R(x, y, 21) with its sign changed is the surface integral 


als if soe Y, 2) dx dy 


taken over the lower side of S;. Adding these two integrals, we may write 


oR 
— = R 
eee és da dy dz lide. (x, y, 2) dx dy, 


where the surface, integral is to be extended over the whole exterior of the sur- 
face S. 

By the methods already used several times in similar cases this formula may 
be extended to the case of a region bounded by a surface of any form whatever. 
Again, permuting the letters x, y, and z, we obtain the analogous formule 


oP 
iff a da dy dz = fJiP™ y, 2) dy dz, 
aQ , 
ioe ay Cede =f fe vy 2) dade. 


* Occasionally called Ostrogradsky’s theorem. The theorem of § 126 is sometimes 
called Riemann’s theorem. But the title Green’s theorem is more clearly established 
and seems to be the more fitting. See Ency. der Math. Wiss., II, A, 7, b and c.— 
TRANS. . 
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Adding these three formule, we finally find the general Green’s theorem for 
triple integrals : 


SUG +20 OE) an ayde 
(29) 


=fJo? (a, y, z)dydz + Qa, y, z)dzdx+ Ra, y, z)dxdy, 


where the surface integrals are to be taken, as before, over the exterior of the 
bounding surface. 

li; for vexamplesswe set .P =a. Q = b= Olori@ 7, Ph "0 ork — 2, 
P=Q=0, it is evident that the voiume of the solid bounded by S is equal to 
any one of the surface integrals 


(29’) Sic ue vedas SS ze 


150. Multiple integrals. The purely analytical definitions which have been 
given for double and triple integrals may be extended to any number of vari- 
ables. We shall restrict ourselves to a sketch of the general process. 

Let #1, &2,°°:, 2%, be n indeperioy variables. We shall say for brevity 
that a system of values z!, 2}, ---, 2° of these variables represents a point in 
space of n dimensions. Any equation F(x, %2,---, @,) = 0, whose first member 
is a continuous function, will be said to represent a surface; and if F is of the 
first degree, the equation will be said to represent a plane. Let us consider the 
totality of all points whose codrdinates satisfy certain inequalities of the form 


(80) Wi(@1, @2, °° +, &n) SO, (jaa Coronas 


We shall say that the totality of these points forms a domain D in space of n 
dimensions. If for all the points of this domain the absolute value of each of 
the codrdinates a; is less than a fixed number, we shall say that the domain D is 
finite. If the inequalities which define D are of the form 


1 1 5 
(31) Si SO Cy Ne sea tes, eS Mg Sine, 


we shall call the domain a prismoid, and we shall say that the n positive quan- 
tities zi — x? are the dimensions of this prismoid. Finally, we shall say that a 
point of the domain D lies on the frontier of the domain if at least one of the 
functions y; in (80) vanishes at that point. 

Now let D be a finite domain, and let f(t, %2, +--+, ,) be a function which 
is continuous in that domain. Suppose D divided into subdomains by planes 
parallel to the planes 7; = 0 ({=1, 2, ---, n), and consider any one of the pris- 
moids determined by these planes which lies entirely inside the domain D. 
Let Ax,, Ave, +--+, At, be the dimensions of this prismoid, and let £, 2,---, &, 
be the coérdinates of some point of the prismoid. Then the sum 


(32) S= DF(&, fo, say En) Ax, Axe oes NG 


formed for all the prismoids which lie entirely inside the domain D, approaches 
a limit I as the number of the prismoids is increased indefinitely in such a way 
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that all of the dimensions of each of them approach zero. We shall call this 
limit I the n-tuple integral of f(#1, , --+, ,) taken in the domain D and shall 
denote it by the symbol 


peal eas ++ Gn) Ati dy »- + data. 


The evaluation of an n-tuple integral may be reduced to the evaluation of 
nm successive simple integrals. In order to show this in general, we need only 
show that if it is true for an (n —1)-tuple integral, it will also be true for an 
n-tuple integral. For this purpose let us consider any point (21, %2,---, %n) 
of D. Discarding the variable x, for the moment, the point (x1, %2, +++, %—1) evi- 
dently describes a domain D’ in space of (n — 1) dimensions. We shall suppose 
that to any point (1, %2,---, %,—1) inside of D’ there correspond just two 
points on the frontier of D, whose codrdinates are (1, 22,++-, @m—1; 2) and 
(1, @2, +++, &p—1; ©), where the codrdinates xe and 2) are continuous func- 
tions of the n — 1 variables 71, #2, ---, ®,—, inside the domain D’. If this con- 
dition were not satisfied, we should divide the domain D into domains so small 
that the condition would be met by each of the partial domains. Let us now 
consider the column of prismoids of the domain D which correspond to the 
same point (%1, %2,---, %,—1). It is easy to show, as we did in the similar case 
treated in § 124, that the part of S which arises from this column of prismoids is 


a2) 


Ax; Ate: + dana] for east 2265 Gp) itn + «|. 
Xn 


where |e| may be made smaller than any positive number whatever by choos- 
ing the quantities Az; sufficiently small. If we now set 


a2) 


nr 
(33) @(©1, %2,° ++, Mn—-1) = a) F(@1, L2,-°°, Ln) Akn y 
’ io 


it is clear that the integral I will be equal to the limit of the sum 
ZO(x1, ot EY Cnn) Ax, Atg:-- NIG ale 


that is, to the (n — 1)-tuple integral 


(84) T= ff f--- f@@@1, 2) +++) tun) der--- Ayr, 


in the domain D’. The law having been supposed to hold for an (n — 1)-tuple 
integral, it is evident, by mathematical induction, that it holds in general. 
We might have proceeded differently. Consider the totality of points 
(21, @2, -**, %) for which the codrdinate 7, has a fixed value. Then the 
point (@1, “2, +++, 2-1) describes a domain 6 in space of (n — 1) dimensions, 
and it is easy to show that the n-tuple integral J is also equal to the expression 


(2) 
(35) I= f ” (ain) date y 
a) 
where 6(@,) is the (». — 1)-tuple integral SS S->- Sf day ++ day 1 extended through- 


out the domain 6. Whatever be the method of carrying out the process, the limits 
for the various integrations depend upon the nature of the domain D, and 
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vary in general for different orders of integration. An exception exists in case 
D is a prismoid defined by inequalities of the form 


LF E.G eae): asus Xi, 


The multiple integral is then of the form 


Xn 
If dae (yea f Sain, 
ay Ty 
and the order in which the integrations are performed may be permuted in any 
way whatever without altering the limits which correspond to each of the 

variables. 
The formula for change of variables also may be extended to n-tuple integrals. 
Let 


(36) LAP; (Oi lo ey en) a Vee orci I, 
be formule of transformation which establish a one-to-one correspondence between 


the points (xj, 2 ,---, @) of a domain D’ and the points (1, @2,---, %») of a 
domain D. Then we shall have 


ihe F(&1, %g,+++, Gm) dx,--- dx 


(37) . 
={f- ne F ($1, ° pie) n) MGs z! ENGAGE EPs) dj: + Ax, . 
(D’) D(@i, +++, &n) 


The proof is similar to that given in analogous cases above. A sketch of the 
argument is all that we shall attempt here. 

1) If (87) holds for each of two transformations, it also holds for the trans- 
formation obtained by carrying out the two in succession. 

2) Any change of variables may be obtained by combining two transforma- 
tions of the following types : 


(88) %1=%{, %e=%}, +++, G—1=p—-1, Wn = Gn (Ri, 2, +++, Ln), 
(89) ti = Pi (1, +++, Ln), easneKg bn 5) Ve (Fit 6 ob, Healy aoe 


3) The formula (37) holds for a transformation of the type (88), since the 
given n-tuple integral may be written in the form (384). It also holds for any 
transformation of the form (89), by the second form (85) in which the multiple 
integral may be written. These conclusions are based on the assumption that 
(87) holds for an (n — 1)-tuple integral. The usual reasoning by mathematical 
induction establishes the formula in general. 

As an example let us try to evaluate the definite integral 


Leff: . «Passe ves on (L —  — te — +++ — ty) P day datg+ ++ dn, 
where a1, &,---, @, 8 are certain positive constants, and the integral is to be 
extended throughout the domain D defined by the inequalities 

OS%, OS%, tory OS Gn, 1 + %o4+-+-+a,<1. 
The transformation 


C1 thet +e, =f, Hg + +++ + On = bbe, tee, Gn = fy fe+++ bp 
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carries D into a new domain D’ defined by the inequalities 
Deser sols oy) Os fo Sl lee ect OS Eel, 
and it is easy to show as in § 148 that the value of the functional determinant is 
D(X1, 2, +++, Ln) 


Dei eae y Sn) 


The new integrand is therefore of the form 


m—1 sn—2 
is) & POO EH 


SUI aaa Ta a a a ae re En (1 re £)8 (1 = £2)“ Pie (1 = én)*™-1, 
and the given integral may be expressed, as before, in terms of I’ functions: 


_ TV (a1 +1) 0 (as +1): + Pan +1)T(8 +1) 


(40) if 
T(ay+ @e+-++-+Q,+8+n+1) 


II. INTEGRATION OF TOTAL DIFFERENTIALS 
151. General method. Let P(x, y) and Q(a, y) be two functions of 
the two independent variables x and y. Then the expression 
Pdzx + Qdy 


is not in general the total differential of a single function of the two 
variables x and y. For we have seen that the equation 


(41) du = Pdx + Qdy 
is equivalent to the two distinct equations 
Cu Ou 
(42) ae P(@, y), ay, = Q(2, y)- 


Differentiating the first of these equations with respect to y and the 
second with respect to x, it appears that u(a, y) must satisfy each 
of the equations 

Cun OPE, y) Cu  OQ(a, y) 

dxdy oy ° @eyde oe — 
A necessary condition that a function u(x, y) should exist which 
satisfies these requirements is that the equation 
OP 0Q 
int oe 
should be identically satisfied. 

This condition is also sufficient. For there exist an infinite 

number of functions u(x, y) for which the first of equations (42) 
is satisfied. All these functions are given by the formula 


u=f P(x, y)du + Y, 
% 


(43) 
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where x, is an arbitrary constant and Y is an arbitrary function of y. 
In order that this function u(x, y) should satisfy the equation (41), 
it is necessary and sufficient that its partial derivative with respect 
to x should be equal to Q(z, y), that is, that the equation 


oP adY 
Je oy a dx nda Q(x, y) 


should be satisfied. But by the ee relation (43) we have 


La en fe fete = Ue Y) — Uo, ¥) 


whence the preceding relation reduces to 


ay 
dy = Q(Xo; Y)- 


The right-hand side of this equation is independent of x. Hence 
there are an infinite number of functions of y which satisfy the 
equation, and they are all given by the formula 


y 
=f Q(x, y)dy +C, 
4% 


where # is an arbitrary value of y, and C is an arbitrary constant. 
It follows that there are an infinite number of functions w(a, y) 
which satisfy the equation (41). They are all given by the formula 


& y 
(44) u =| F(a, y) dx +f Q(x, y)dy + C, 
2 Uy 


0 
and differ from each other only by the additive constant C. 
Consider, for example, the pair of functions 


_“e£+my ae UL, 

ot ty?” ~ et a2? 
which satisfy the condition (43). Setting x =0 and y%=1, the 
formula for u gives 


_ ( ctmy “dy 
v=f appeet pe 


whence, performing the indicated integrations, we find 


1 x 
u = 5 [log(a? + y*) J; + m E tan = +logy+C, 
0 
or, simplifying, 
: a} 
= 5 log(2” Heya m are tan > an 
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The preceding method may be extended to any number of inde- 
pendent variables. We shall give the reasoning for three variables. 
Let P, Q, and R be three functions of x, y, and z. Then the total 
differential equation 


(45) ; du = Pdx + Qdy+ Rdz 
is equivalent to the three distinct equations 
Ou Ou Ou 
4 eee page gies 
(46) ox iP, oy OF ie 185 6 


Calculating the three derivatives 0?u/éx dy, 0 u/ey éz, 0 u/dz dx in 
two different ways, we find the three following equations as neces- 
sary conditions for the existence of the function w: 

6P  6Q 0Q_@R oR _ oP 


ae PAL gto cy AR Oo ce 


Conversely, let us suppose these equations satisfied. Then, by the 
first, there exist an infinite number of functions w(x, y, z) whose 
partial derivatives with respect to « and y are equal to P and Q, 
respectively, and they are all given by the formula 


£ y 
ua f P(a, y, 2) dx +f Q(X, ¥, z)dy+Z, 
Xo Yo 


where Z denotes an arbitrary function of z. In order that the deriva- 
tive 6u/éz should be equal to R, it is necessary and sufficient that 
the equation 


“OP "0 Q(x, Fr) Ze 
Lgetl Oe dy er Ble 


should be satisfied. Making use of the relations (47), which were 
assumed to hold, this condition reduces to the equation 


OA 
R(@, Y; z) sae R(&, Y; Z)+ R(x; Y, 2) —R(xo, Yo) %) + aD ag R(x, y, %) 
= dZ 


AP R(ao, Yor %)- 


It follows that an infinite number of functions w(x, y, %) exist 
which satisfy the equation (45). They are all given by the formula 


x y z 
(48) u =i P(x, Y, %) ax +f Q(X, Y, #) dy +f Ray Yo: %) dz + C, 
25 Y% z 


0 
where 2, Y%, % are three arbitrary numerical values, and (’ is an 
arbitrary constant. 
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152. The integral a yh dx + Qdy. The same subject may be 
treated from a different point of view, which gives deeper insight 
into the question and leads to new results. Let P(x, y) and Q(2, y) 
be two functions which, together with their first derivatives, are 
continuous in a region A bounded by a single closed contour C. 
It may happen that the region A embraces the whole plane, in 
which case the contour C would be supposed to have receded to 


infinity. The line integral 


[Par + ady 


taken along any path D which lies in A will depend in general upon 
the path of integration. Let us first try to find the conditions under 
which this integral depends only upon the codrdinates of the extremi- 
ties (2, yp) and (a, y,) of the path. Let 17 and N be any two points 
of region 4, and let Z and L’ be any two paths which connect these 
two points without intersecting each other between the extremities. 
Taken together they form a closed contour. In order that the values 
of the line integral taken along these two paths Z and L' should be 
equal, it is evidently necessary and sufficient that the integral taken 
around the closed contour formed by the two curves, proceeding 
always in the same sense, should be zero. Hence the question at 
issue is exactly equivalent to the following: What are the conditions 
under which the line integral 


[re + Qdy 


taken around any closed contour whatever which lies in the region A 
should vanish ? 

The answer to this question is an immediate result of Green’s 
theorem : 


eg 6Q eP\, 
(49) [rerau=ff(Z away, 


where C is any closed contour which lies in A, and where the double 
integral is to be extended over the whole interior of C. It is clear 


that if the functions P and Q satisfy the equation 
OP ae 

43! a 
ey) oy Om’ 


the line integral on the left will always vanish. This condition is 
also necessary. For, if 0P/éy — 0Q/éa were not identically zero 
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in the region A, since it is a continuous function, it would surely be 
possible to find a region a so small that its sign would be constant 
inside of a. But in that case the line integral taken around the 
boundary of @ would not be zero, by (49). 

If the condition (43') is identically satisfied, the values of the 
integral taken along two paths Z and L' between the same two 
points M and N are equal provided the two paths do not intersect 
between M and N. It is easy to see that the same thing is true 
even when the two paths intersect any number of times between 
and NV. For in that case it would be necessary only to compare 
the values of the integral taken along the paths Z and L' with its 
value taken along a third path Z", which intersects neither of the 
preceding except at Mand N. 

Let us now suppose that one of the extremities of the path of 
integration is a fixed point (a, y)), while the other extremity is a 
variable point (x, y) of A. Then the integral 

(x, y) 
(50) E@y) = Pdx + Qdy 
(os %) 
taken along an arbitrary path depends only upon the codrdinates 
(a, y) of the variable extremity. The partial derivatives of this 
function are precisely P(x, y) and Q(a, y). For example, we have 


(@+ Aa, y) 
F(a + Az, y) = F(a, y)+ hes P(a, y)dz, 
Ly Y, 
. for we may suppose that the path of integration goes from (a, Yo) 
to (x, y), and then from (x, y) to (a + Aa, y) along a line parallel to 
the x axis, along which dy = 0. Applying the law of the mean, we 
may write 


F(x + Aa, y) — F(x, y) 
Ax 


= P(a + 0Azx, y), O01, 


Taking the limit when Ax approaches zero, this gives F, = P. 
Similarly, F, = Q. The line integral F(a, y), therefore, satisfies the 
total differential equation (41), and the general integral of this 
equation is given by adding to F(a, y) an arbitrary constant. 
This new formula is more general than the formula (44) in that 
the path of integration is still arbitrary. It is easy to deduce (44) 
from the new form. To avoid ambiguity, let (x, yo) and (#1, y1) be 
the codrdinates of the two extremities, and let the path of integra- 
tion be the two straight lines =a, y=y,. Along the former, 
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x=a2,, dx =0, and y varies from y to y,. Along the second, 
y=y1, dy = 0, and x varies from 2 to 2,. Hence the integral (50) 


is equal to 
Wy ay 
i Q(x, y) dy +f P(a, y1) dx, 
Yo De ‘ 


\ 


which differs from (44) only in notation. 

But it might be more advantageous to consider another path of 
integration. Let « = f(t), y= ¢(t) be the equations of a curve 
joining (a, yo) and (a, y), and let ¢ be supposed to vary con- 
tinuously from ¢, to ¢, as the point (a, y) describes the curve 
between its two extremities. Then we shall have 


(ty) %) ty 
[races ady=f Pe DFO + ee NeOlde 
Lor Yo) 0 

where there remains but a single quadrature. If the path be 

a straight line, for example, we should set x=2,+t(x, —%), 

Y¥=Y+t(y, — Y), and we should let ¢ vary from 0 to 1. 
Conversely, if a particular integral (a, y) of the equation (41) 

be known, the line integral is given by the formula 


(a, y) 
i Pdz + Qdy = O(a, y) — B(a, Yo); 


(%q» Y%) 


which is analogous to the equation (6) of Chapter IV. 


153. Periods. More general cases may be investigated. In the 
first place, Green’s theorem applies to regions bounded by several 
contours. Let us consider for definiteness a region A bounded by 
an exterior contour C and two contours C’ and 
C" which lie inside the first (Fig. 35). Let P 
and Q be two functions which, together with 
their first derivatives, are continuous in this 
region. (The regions inside the contours C’! 
and C" should not be considered as parts of 


p : 
Fra. 35 the region A, and no hypothesis whatever is 


made regarding P and Q inside these regions.) 
Let the contours C' and C" be joined to the contour C by trans- 
versals a) and cd. We thus obtain a closed contour abmedndepbaqa, 
or T, which may be described at one stroke. Applying Green’s 
theorem to the region bounded by this contour, the line integrals 
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which arise from the transversals ad and cd cancel out, since each 
of them is described twice in opposite directions. It follows that 


0 
[Pee + ody =f (G-Z)acay, 


where the line integral is to be taken along the whole boundary of 
the region A, i.e. along the three contours C, C', and C", in the senses 
indicated by the arrows, respectively, these being such that the 
region « always lies on the left. 

If the functions P and @ satisfy the relation 0Q/dx = 0P/éy in 
the region A, the double integral vanishes, and we may write the 
resulting relation in the form 


(51) | rae + Qdy =f Pdx + Qdy +f Pdxz + Qdy, 
(@) (c’) cc”) 
where each of the line integrals is to be taken in the sense desig- 
nated above. 

Let us now return to the region A bounded by a single contour 
C, and let P and Q be two functions which satisfy the equation 
6P/¢y = 0Q/ex, and which, together with their first derivatives, are 
continuous except at a finite number 
of points of A, at which at least one of 
the functions P or Q is discontinuous. 
We shall suppose for definiteness that 
there are three points of discontinuity 
a, b,cin A. Let us surround each of 
these points by a small circle, and then 
join each of these circles to the contour 
C by a cross cut (Fig. 36). Then the 
integral i Pdz-+ Qdy taken from a fixed 
point (x, yo) to a variable point (7, y) Fic. 36 
along a curve which does not cross any 
of these cuts has a definite value at every point. For the contour C, 
the circles and the cuts form a single contour which may be described 
at one stroke, just as in the case discussed above. We shall call 
such a path direct, and shall denote the value of the line integral 
taken along it from M) (a, yo) to M(a, y) by F(a, y). 

We shall call the path composed of the straight line from M) to 
a point a’, whose distance from a is infinitesimal, the circumference 
of the circle of radius aa! about a, and the straight line a'M), a loop- 
circwit. The line integral f Pda + Qdy taken along a loop-circuit 
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reduces to the line integral taken along the circumference of the 
circle. This latter integral is not zero, in general, if one of the 
functions P or Q is infinite at the point a, but it is independent of 
the radius of the circle. It is a certain constant + A, the double 
sign corresponding to the two senses in which the circumference 
may be described. Similarly, we shall denote by + B and +C the 
values of the integral taken along loop-circuits drawn about the two 
singular points 6 and ¢c, respectively. 

Any path whatever joining M, and M may now be reduced to a 
combination of loop-circuits followed by a direct path from M, to M. 
For example, the path M,mdefM may be reduced to a combination 
of the paths MymdM), MydeMy, MoefM,, and M,fM. The path 
M,mdM, may then be reduced to a loop-circuit about the singular 
point a, and similarly for the other two. Finally, the path M,fM 
is equivalent to a direct path. It follows that, whatever be the path 
of integration, the value of the line integral will be of the form 


(52) F(x, y) = F(x, y) + mA+ nB + pC, 


where m, n, and p may be any positive or negative integers. The 
quantities A, B, C are called the periods of the line integral. That 
integral is evidently a function of the variables « and y which 
admits of an infinite number of different determinations, and the 
origin of this indetermination is apparent. 


Remark. The function F(a, y) is a definitely defined function 
in the whole region A when the cuts aa, 6B, cy have been traced. 
But it should be noticed that the difference F(m) — F(m') between 
the values of the function at two points m and m!' which lie on 
opposite sides of a cut does not necessarily vanish. For we have 


m m! 4M, 
a=f +f fr f ? 
MN, m m! 
which may be written 
eee 
Mm, M, i 


0 


But [” is zero; hence 
F(m) — F(m')= A. 
It follows that the difference F(m) — F(m') is constant and equal 


to A all along aa. The analogous proposition holds for each of 
the cuts. 
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Example. The line integral 


ie ” x dy — ydx 
Ql, 0) eat 


has a single critical point, the origin. In order to find the corre- 
sponding period, let us integrate along the circle 27+ y?= p% 
Along this circle we have 


x =p cosa, ¥ =p Sina, ady — ydx = p*dw, 


whence the period is equal to JS, “dw = 2. It is easy to verify 
this, for the integrand is the total differential of arc tan y/z. 


154. Common roots of two equations. Let X and Y be two functions of the 
variables x and y which, together with their first partial derivatives, are con- 
tinuous in a region A bounded by a single closed contour C. Then the expres- 
sion (XdY — YdX)/(X? + Y%) satisfies the condition of integrability, for it.is 
the derivative of arctan Y/X. Hence the line integral 


AXAY — YdX 


53 
(53) os 


(Cc) 
taken along the contour C in the positive sense vanishes provided the coeffi- 
cients of dz and dy in the integrand remain continuous inside C, i.e. if the two 
curves X =0, Y = 0 have no common point inside that contour. But if these 
two curves have a certain number of common points a, 6, c, -- - inside C, the value 
of the integral will be equal to the sum of the values of the same integral taken 
along the circumferences of small circles described about the points a, b, c,--- as 
centers. Let (a, 8) be the codrdinates of one of the common points. We shall 
suppose that the functional determinant D(X, Y)/D(a, y) is not zero, i.e. that 
the two curves X = 0 and Y = 0 are not tangent at the point. Then it is pos- 
sible to draw about the point (a, 8) as center a circle c whose radius is so small 
that the point (X, Y) describes a small plane region about the point (0, 0) 
which is bounded by a contour y and which corresponds point for point to the 
circle c (§§ 25 and 127). 

As the point (a, y) describes the circumference of the circle c in the positive 
sense, the point (X, Y) describes the contour + in the positive or in the negative 
sense, according as the sign of the functional determinant inside the circle c is 
positive or negative. But the definite integral along the circumference of c is 
equal to the change in arc tan Y/X in one revolution, that is, +27. Similar 
reasoning for all of the roots shows that 


AdY — YdAX 


= 27(P — N), 
eo 


(54) 

(C) 

where P denotes the number of points common to the two curves at which 

IDG, J) /D(a, y) is positive, and N the number of common points at which the 
determinant is negative. 
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The definite integral on the left is also equal to the variation in arc tan Y/X 
in going around c, that is, to the index of the function Y/X as the point (a, y) 
describes the contour C. If the functions X and Y are polynomials, and if the 
contour C is composed of a finite number of ares of unicursal curves, we are led 
to calculate the index of one or more rational functions, which involves only 
elementary operations (§ 77). Moreover, whatever be the functions X and Y, 
we can always evaluate the definite integral (54) approximately, with an error 
less than z, which is all that is necessary, since the right-hand side is always a 
multiple of 27. 

The formula (54) does not give the exact number of points common to the 
two curves unless the functional determinant has a constant sign inside of C. 
Picard’s recent work has completed the results of this investigation.* 


155. Generalization of the preceding. The results of the preceding paragraphs 
may be extended without essential alteration to line integrals in space. Let P, 
Q, and R be three functions which, together with their first partial derivatives, 
are continuous in a region (£) of space bounded by a single closed surface S. 
Let us seek first to determine the conditions under which the line integral 


@, y, 2) 
(55) f= Pdi+Qdy + Rdz 
(291 Yor 2) 
depends only upon the extremities (7, yo, 2) and (x, y, 2) of the path of inte- 
gration. This amounts to inquiring under what conditions the same integral 
vanishes when taken along any closed path I. But by Stokes’ theorem (§ 136) 
the above line integral is equal to the surface integral 


BA) IP oR 36Q ORS ok 
— — — jdzd — — — }dyd — — — )dzd 
he = v4 ( a Z 2+(Z =) aie! 


extended over a surface = which is bounded by the contour I. In order that 
this surface integral should be zero, it is evidently necessary and sufficient that 
the equations 


aP_ 2 R R 
(56) _2Q2 0@_0R @aR_aP 


oy oh 02 oy 0x 0z 


should be satisfied. If these conditions are satisfied, U is a function of the vari- 
ables v, y, and z whose total differential is Pdx + Qdy + Rdz, and which is single 
valued in the region (#). In order to find the value of U at any point, the path 
of integration may be chosen arbitrarily. 

If the functions P, Q,and & satisfy the equations (56), but at least one of 
them becomes infinite at all the points of one or more curves in (£), results 
analogous to those of § 153 may be derived. 

If, for example, one of the functions P, Q, R becomes infinite at all the points 
of a closed curve y, the integral U will admit a period equal to the value of the 
line integral taken along a closed contour which pierces once and only once a 
surface « bounded by y. 

We may also consider questions relating to surface integrals which are exactly 
analogous to the questions proposed above for line integrals. Let A, B, and C 
be three functions which, together with their first partial derivatives, are 


s 


* Traité d’ Analyse, Vol. II. 
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continuous in a region () of space bounded by a single closed surface 8S. Let = 
be a surface inside of (#) bounded by a contour I of any form whatever. Then 
the surface integral 


(57) T= f {Ady de + Bdzde + Oddy 


depends in general upon the surface } as well as upon the contour I. In order 
that the integral should depend only upon I, it is evidently necessary and suffi- 
cient that its value when taken over any closed surface in (Z) should vanish. 
Green’s theorem (§ 149) gives at once the conditions under which this is true. 
or we know that the given double integral extended over any closed surface is 
equal to the triple integral 


fife +28 2) aeayae 
6z 


extended throughout the region bounded by the surface. In order that this latter 
integral should vanish for any region inside (Z), it is evidently necessary that the 
functions A, B, and C should satisfy the equation 
Al OIB . OC 
58 —+—+4+—=0. 

Ae) ox oy Oz 
This condition is also sufficient. 

Stokes’ theorem affords an easy verification of this fact. For if A, B, and C 
are three functions which satisfy the equation (58), it is always possible to deter- 
mine in an infinite number of ways three other functions P, Q, and R such that 

oR 0Q | OR york Me) @ie 


(59) rg ee Re eet 
oy 0% Oz ox ox oy 


In the first place, if these equations admit solutions, they admit an infinite 
number, for they remain unchanged if P, Q, and BR be replaced by 


or or 
(Pt Ont Re 
2 oa” x oy oz” 
respectively, where A is an arbitrary function of #, y, and z. Again, setting 
R=0, the first two of equations (59) give 


P=[ Bev 2dz+o@,v), Q=-f AG 2)de +H), 
es a) 


where (x, y) and (a, y) are arbitrary functions of a and y. Substituting these 
values in the last of equations (59), we find 


“/0aA 6B a a 
1 € ee Jae + % 28 = Ce, 2), 
i Ox cy Ox cy i 

“0 


or, making use of (58), 


cv _ of = O(a, v, 2): 
Ox oy 
One of the functions ¢ or y may still be chosen at random. 
The functions P, Q, and R having been determined, the surface integral, by 
Stokes’ theorem, is equal to the line integral fry Pde + Qdy + Rdz, which 
evidently depends only upon the contour I. 
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EXERCISES 


1. Find the value of the triple integral 


ff[fee — y)? + Baz — 4a2] dex dy dz 
extended throughout the region of space defined by the inequalities 


x2 + y2—az<0, x2 + y? + 22 — 2a2<0. 
(Licence, Montpellier, 1895. ] 
2. Find the area of the surface 
ab? (a? + y?) z 


P+yr+2= 
and the volume of the solid bounded by the same surface. 
3. Investigate the properties of the function 
x Ve Z 
F(X, Y, Z) = {de dy { Fle y, z)dz 
(HY, Z)= fade fay {fe 2) 


considered as a function of X, Y, and Z. Generalize the results of § 125. 


4. Find the volume of the portion of the solid bounded by the surface 
(x? + y? + 27)8 = 8a8ayz 


which lies in the first octant. 
5. Reduce to a simple integral the multiple integral 
ff: 5 - f xfrage +0 F(a + @+++++ %n) dt, daq:+-dty 


extended throughout the domain D defined by the inequalities 
OS%, OS%:, ++, OStn, 1+ %e+---+ ana. 
[Proceed as in § 148.] 


6. Reduce to a simple integral the multiple integral 


Dv. Pn 
ff fee er (2) et (2) | aerated 


extended throughout the domain D defined by the inequalities 


Pp Pn 
O0S%, 0S a, eae 0<¢m,, (=) eet (2) sis 


7*. Derive the formula 


Lf for fete -tey= SE, 
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where the multiple integral is extended throughout the domain D defined by the 
inequality 
w+ eet... tarcd, 


8*. Derive the formula 
sr atop Tee +1 
Ae do [ F(a cos 6 + bsin 6 cos ¢ + csin 6sin ¢)sin 6d¢ = an [ F(uk) du, 
0 0 ail 


where a, b, and ¢ are three arbitrary constants, and where R = Va? + b2 + ¢2. 
[Porsson. ] 
[First observe that the given double integral is equal to a certain surface inte- 


gral taken over the surface of the sphere 2? + y+ z2=1. Then take the plane 
ax + by + cz = 0 as the plane of zy in a new system of codrdinates. | 


9*. Let p = F(@, ¢) be the equation in polar codrdinates of a closed surface. 
Show that the volume of the solid bounded by the surface is equal to the double 
integral 


(a) x | [ ecosyde 


extended over the whole surface, where do represents the element of area, and y 
the angle which the radius vector makes with the exterior normal. 
10*. Let us consider an ellipsoid whose equation is 


x2 y2 nt 22 oe 
we p2— 2 p2— 2?” 


and let us define the positions of any point on its surface by the elliptic codrdi- 
nates v and p, that is, by the roots which the above equation would have if u 
were regarded as unknown (cf. § 147). The application of the formule (29) to 
the volume of this ellipsoid leads to the equation 


fe nf (? =P) (= Vv (0? = p*) (8 — ¥*) v?) dy = 1 = we2 (c2 — b2), 
,e=e- ey 


Likewise, the formula (a) gives 


fof: (? — *) dy ==. | 
TO ei PO PY BS ra 


11. Determine the functions P(z, y) and Q(a, y) which, together with their 
partial derivatives, are continuous, and for which the line integral 


{Pet a,y+pdzt+ Q@+a,y + B)dy 


taken along any closed contour whatever is independent of the constants a and 


8 and depends only upon the contour itself. 
[Licence, Paris, July, 1900.] 
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12*. Consider the point transformation defined by the equations 


x =f (Cay ON z) ) 
Y=9(%, Y, @), 
i) (Gin Gace). 


As the point (a, y’, 2’) describes a surface S’, the point (a, y, z) describes a sur- 

face S. Let a, B, y be the direction angles of the normal to S; a’, p’, 7’ the 

direction angles of the corresponding normal to the surface S’; and do and do’ 

the corresponding surface elements of the two surfaces. Prove the formula 
DGD) cee n/ 4. DOD ga 


cos y de = + do’ | so OOO 5 a B+ FEY cosy. 
Diy’, 2) D(z, x’) Dx’, y’) 


13*, Derive the formula (16) on page 304 directly. 
[The volume V may be expressed by the surface integral 


v= zcosydc, 
(S) 
and we may then make use of the identity 


DEE Dit) DU) ee DUE ea 
De’, v’, 2) meant oy oe. a eens ma 


which is easily verified. ] 


CHAPTER VIII 


INFINITE SERIES 


J. SERIES OF REAL CONSTANT TERMS 
GENERAL PROPERTIES TESTS FOR CONVERGENCE 


156. Definitions and general principles. Sequences. The elementary 
properties of series are discussed in all texts on College Algebra 
and on Elementary Calculus. We shall review rapidly the principal 
points of these elementary discussions. 

First of all, let us consider an infinite sequence of quantities 


(1) SostenSijunsan. ne aS 


in which each quantity has a definite place, the order of precedence 
being fixed. Such a sequence is said to be convergent if s, approaches 
a limit as the index n becomes infinite. Every sequence which is 
not convergent is said to be divergent. This may happen in either 
of two ways: s, may finally become and remain larger than any 
preassigned quantity, or s, may approach no limit even though it 
does not become infinite. 


In order that a sequence should be convergent, it is necessary and 
sufficient that, corresponding to any preassigned positive number e, a 
positive integer n should exist such that the difference s,. —S, 1 
less than « in absolute value for any positive integer p. 


In the first place, the condition is necessary. For if s, approaches 
a limit s as » becomes infinite, a number 7 always exists for which 
each of the differences s —s,,, s — 8,41, +++; 8 —S,4p)°°° 18 less than 
«/2 in absolute value. It follows that the absolute value of s, ,, —s, 
will be less than 2¢/2 =e for any value of p. 

In order to prove the converse, we shall introduce a very impor- 
tant idea due to Cauchy. Suppose that the absolute value of each 
of the terms of the sequence (1) is less than a positive number J. 
Then all the numbers between — NV and + N may be separated into 
two classes as follows. We shall say that a number belongs to the 
class A if there exist an infinite number of terms of the sequence (1) 

327 ; 


3828 INFINITE SERIES [ VIII, § 156 


which are greater than the given number. A number belongs to 
the class B if there are only a finite number of terms of the 
sequence (1) which are greater than the given number. It is 
evident that every number between — NV and + N belongs to one 
of the two classes, and that every number of the class A is less 
than any number of the class B. Let S be the upper limit of the 
numbers of the class A, which is obviously the same as the lower 
limit of the numbers of the class B. Cauchy called this number the 
greatest limit (la plus grande des limites) of the terms of the 
sequence (1).* This number S should be carefully distinguished 
from the upper limit of the terms of the sequence (1) ($ 68). For 
instance, for the sequence 


au leeeae: 
the upper limit of the terms of the sequence is 1, while the greatest 
limit is 0. 

The name given by Cauchy is readily justified. There always 
exist an infinite number of terms of the sequence (1) which lie 
between S — e« and S +, however small e« be chosen. Let us then 
consider a decreasing sequence of positive numbers «, €, -::, 
€,) ‘+, Where the general term «, approaches zero. To each num- 
ber «; of the sequence let us assign a number a; of the sequence (1) 
which lies between S—e, and S+e,. We shall thus obtain a 
suite of numbers a, ag, ---, @,, ++: belonging to the sequence (1) 
which approach S as their limit. On the other hand, it is clear 
from the very definition of S that no partial sequence of the kind just 
mentioned can be picked out of the sequence (1) which approaches 
a limit greater than S. Whenever the sequence is convergent its 
limit is evidently the number S itself. 

Let us now suppose that the difference s,,,—s, of two terms of 
the sequence (1) can be made smaller than any positive number e 
for any value of p by a proper choice of m. Then all the terms of 
the sequence past s, lie between s, —« and S,t+e« Let S be the 
greatest limit of the terms of the sequence. By the reasoning just 
given it is possible to pick a partial sequence out of the sequence (1) 
which approaches S as its limit. Since each term of the partial 
sequence, after a certain one, lies between s,—e and s,+ 6, it is 


* Résumés analytiques de Turin, 1833 (Collected Works, 2d series, Vol. X, p. 49). 
The definition may be extended to any assemblage of numbers which has an upper 
limit. 
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clear that the absolute value of S — s, is at most equal toe. Now 
let s,, be any term of the sequence (1) whose index m is greater 
than n. Then we may write 


Sm — S = (Sp — S,) + (8, — 8), 
and the value of the right-hand side is surely less than 2e. Since « 
is an arbitrarily preassigned positive number, it follows that the 


general term s,, approaches S as its limit as the index m increases 
indefinitely. 


Note. If S is the greatest limit of the terms of the sequence (1), 
every number greater than S belongs to the class B, and every num- 
ber less than S belongs to the class 4. The number S itself may 
belong to either class. 


157. Passage from sequences to series. Given any infinite sequence 
Cy Chi Uy 20; nn, O.D¢ 
the series formed from the terms of this sequence, 
(2) Uy + Uy + Ug +--- tu, +-*, 
is said to be convergent if the sequence of the successive sums 
So=U, Si=Utmh, ++, S,=U+tuw+-:-+4,, 


is convergent. Let S be the limit of the latter sequence, i.e. the 
limit which the sum S, approaches as m increases indefinitely: 


= = Seis Se 0 Die 


Then S is called the sum of the preceding series, and this relation is 
indicated by writing the symbolic equation 


+0 
SHU +t +m +o = Dy. 


A series which is not convergent is said to be divergent. 

It is evident that the problem of determining whether the series 
is convergent or divergent is equivalent to the problem of determin- 
ing whether the sequence of the successive sums So, S,, Sz, -:- is 
convergent or divergent. Conversely, the sequence 


Soy S1y Say °°") Spy 
will be convergent or divergent according as the series 


89 + (81 — $0) + (82 — 81) +°°* + (Sa — Sa—i) + °° 


330 INFINITE SERIES [ VIII, § 157 


is convergent or divergent. For the sum S$, of the first 7 + 1 terms 
of this series is precisely equal to the general term s, of the given 
sequence. We shall apply this remark frequently. 

The series (2) converges or diverges with the series 


(3) Up + Upper tits +Upsgtor's 


obtained by omitting the first p terms of (2). For, if S,(m > p) 
denote the sum of the first » +1 terms of the series (2), and %,_, 
the sum of the n — p +1 first terms of the series (3), 1.e. 


Bi = a pad la ea 


the difference S, — &,_, = % +% +--+ %,_, is independent of n. 
Hence the sum %,_,, approaches a limit if S, approaches a limit, 
and conversely. It follows that in determining whether the series 
converges or diverges we may neglect as many of the terms at the 
beginning of a series as we wish. 

Let S be the sum of a convergent series, S, the sum of the first 
n +1 terms, and R, the sum of the series obtained by omitting the 
first n + 1 terms, 


Ry = Uns ap Chany ar ae mine cGneies —- Seats @ 
It is evident that we shall always have 
S18. RS 


It is not possible, in general, to find the sum S of a convergent 
series. If we take the sum S of the first m + 1 terms as an approxi- 
mate value of S, the error made is equal to R,. Since S, approaches 
S as n becomes infinite, the error R, approaches zero, and hence the 
number of terms may always be taken so large —at least theoret- 
ically —that the error made in replacing S by S, is less than any 
preassigned number. In order to have an idea of the degree of 
approximation obtained, it is sufficient to know an upper limit 
of R,. It is evident that the only series which lend themselves 
readily to numerical calculation in practice are those for which 
the remainder R, approaches zero rather rapidly. 

A number of properties result directly from the definition of con- 
vergence. We shall content ourselves with stating a few of them. 


1) Lf each of the terms of a given series be multiplied by a constant 
k different from zero, the new series obtained will converge or diverge 
with the given series; if the given series converges to a sum S, the sum 
of the second series is kS. 
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2) If there be given two convergent series 
Uy = Uy Ue Ho Ee. 
CTs gC tes ih en OS IPN ea 


whose sums.are S and S', respectively, the new series obtained by 
adding the given series term by term, namely, 


(Uy + Up) + (Uy +) Hts + (Uy HY), 


converges, and its sum is S+ S'. The analogous theorem holds for 
the term-by-term addition of p convergent series. 


3) The convergence or divergence of a series is not affected if the 
values of a finite number of the terms be changed. For such a change 
would merely increase or decrease all of the sums S, after a certain 
one by a constant amount. 


4) The test for convergence of any infinite sequence, applied to 
series, gives Cauchy’s general test for convergence : * 


In order that a series be convergent it is necessary and sufficient 
that, corresponding to any preassigned positive number e, an integer 
n should exist, such that the sum of any number of terms what- 
ever, starting with u,,;, is less than ¢« in absolute value. For 
Sep On Una ae Sag to te aa: 

In particular, the general term U4) = S,4, — S, must approach 
zero as n becomes infinite. 


Cauchy’s test is absolutely general, but it is often difficult to 
apply it in practice. It is essentially a development of the very 
notion of a limit. We shall proceed to recall the practical rules most 
frequently used for testing series for convergence and divergence. 
None of these rules can be applied in all cases, but together they 
suffice for the treatment of the majority of cases which actually arise. 


158. Series of positive terms. We shall commence by investigating 
a very important class of series, — those whose terms are all posi- 
tive. In such a series the sum S, increases with n. Hence in 
order that the series converge it is sufficient that the sum S, should 
remain less than some fixed number for all values of n. The most 
general test for the convergence of such a series is based upon com- 
parisons of the given series with others previously studied. The 
following propositions are fundamental for this process : 


* Exercices de Mathématiques, 1827. (Collected Works, Vol. VII, 2d series, p. 267.) 
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1) If each of the terms of a given series of positive terms is less 
than or at most equal to the corresponding term of a known convergent 
series of positive terms, the given series is convergent. For the sum 
S, of the first » terms of the given series is evidently less than the 
sum S' of the second series. Hence S, approaches a limit S which 
is less than S’. 


2) If each of the terms of a given series of positive terms is greater 
than or equal to the corresponding term of a known divergent series 
of positive terms, the given series diverges. For the sum of the first 
n terms of the given series is not less than the sum of the first 
n terms of the second series, and hence it increases indefinitely 
with n. 


We may compare two series also by means of the following 
lemma. Let 


(U) Up + Uy + Uy tess tutes 
(Y) Uy t+ Vg Fees $Y, bee: 


be two series of positive terms. IPf the series (U) converges, and tf, 
after a certain term, we always have Vv, 41 [Uy Un 41 /Un, the series (V) 


also converges. IPf the series (U) diverges, and if, after a certain 
term, we always have Uy. /Un SUn41/Vn; the series (V) also diverges. 


In order to prove the first statement, let us suppose that 
Un4i/Un SUnsi/U_, Whenever n2p. Since the convergence of a 
series is not affected by multiplying each term by the same con- 
stant, and since the ratio of two consecutive terms also remains 
unchanged, we may suppose that v, < w,, and it is evident that we 
should have v4, 5U)41, UpsoUp42, etc. Hence the series (V) 
must converge. ‘The proof of the second statement is similar. 

Given a series of positive terms which is known to converge or 
to diverge, we may make use of either set of propositions in order 
to determine in a given case whether a second series of positive 
terms converges or diverges. For we may compare the terms of 
the two series themselves, or we may compare the ratios of two 
consecutive terms. 


159. Cauchy’s test and d’Alembert’s test. The simplest series which 
can be used for purposes of comparison is a geometrical progression 
whose ratio is 7. It converges if r<1, and diverges if 721. The 
comparison of a given series of positive terms with a geometrical 
progression leads to the following test, which is due to Cauchy: 
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If the nth root Vu, of the general term u, of a series of positive 
terms after a certain term is constantly less than a fixed number less 
than unity, the series converges. If Vu, after a certain term is con- 
stantly greater than unity, the series diverges. 


For in the first case Vin < k <1, whence u,<k". Hence each 
of the terms of the series after a certain one is less than the corre- 
sponding term of a certain geometrical progression whose ratio is 
less than unity. In the second case, on the other hand, Vu, >1, 
whence w, >1. Hence in this case the general term does not 
approach zero. 

This test is applicable whenever Vw, approaches a limit. In 


n 


fact, the following proposition may be stated : 


If Vu, approaches a limit 1 as n becomes infinite, the series will 
converge if l is less than unity, and it will diverge if l is greater than 
unity. 

A doubt remains if l=1, except when Vu, remains greater than 
unity as it approaches unity, in which case the series surely diverges. 


Comparing the ratio of two consecutive terms of a given series 
of positive terms with the ratio of two consecutive terms of a 
geometrical progression, we obtain d’Alembert’s test: 


If in a given series of positive terms the ratio of any term to the 
preceding after a certain term remains less than a fixed number 
less than unity, the series converges. If that ratio after a certain 
term remains greater than unity, the series diverges. 


From this theorem we may deduce the following corollary: 


Tf the ratio u,.,/U, approaches a limit | as n becomes infinite, the 
series converges if 1 <1, and diverges if 1 >1. 

The only doubtful case is that in which 1 =1; even then, if Uns. /Un 
remains greater than unity as it approaches unity, the series is divergent. 


General commentary. Cauchy’s test is more general than d’Alembert’s. For 
suppose that the terms of a given series, after a certain one, are each less than 
the corresponding terms of a decreasing geometrical progression, i.e. that the 
general term u, is less than Ar” for all values of n greater than a fixed integer p, 
where A is a certain constant and r is less than unity. Hence Vu, < rAl/”, and 
the second member of this inequality approaches unity as n becomes infinite. 
Hence, denoting by ka fixed number between r and 1, we shall have after a cer- 
tain term Vu, <k. Hence Cauchy’s test is applicable in any such case. But it 
may happen that the ratio uw, +1/u» assumes values greater than unity, however 
far out in the series we may go. For example, consider the series 


1+r|sina|+r?|sin2a|+---+7"|sinna|+-°+, 
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A; n ep 
where r<1and where isan arbitrary constant. Inthiscase Vu, =?r Vv | sinna|<r, 


whereas the ratio 
sin(n+1)a@ 


sin na 


Un+1 _ r 
Un 


may assume, in general, an infinite number of values greater than unity as n 
increases indefinitely. 

Nevertheless, it is advantageous to retain d’Alembert’s test, for it is more 
convenient in many cases. For instance, for the series 

ah fe he er 
EMER. Perce 
the ratio of any term to the preceding is x/(n +1), which approaches zero as n 
becomes infinite; whereas some consideration is necessary to determine inde- 
pendently what happens to Vu, = a/ V1.2---n as n becomes infinite. 

After we have shown by the application of one of the preceding tests that each 
of the terms of a given series is less than the corresponding term of a decreasing 
geometrical progression A, Ar, Ar?,---, Ar”, ---, it is easy to find an upper 
limit of the error made when the sum of the first m terms is taken in place of 
the sum of the series. For this error is certainly less than the sum of the 
geometrical progression 


Arm Armel + Amt? fo ST 
=P 


When each of the two expressions Vu,y and Un+1/Un approaches a limit, the 
two limits are necessarily the same. For, let us consider the auxiliary series 


(4) Uo + Ue + Uge? +--+ + Une +--+, 


where « is positive. In this series the ratio of any term to the preceding 
approaches the limit Jz, where J is the limit of the ratio u,4)/u,. Hence the 
series (4) converges when 7 <1//, and diverges when «>1//. Denoting the 
limit of Vu, by UV, the expression Vu,x" also approaches a limit Ve, and 
the series (4) converges if 7 <1/l’, and diverges if « >1/l’. In order that the 
two tests should not give contradictory results, it is evidently necessary that 1 
and l’ should be equal. If, for instance, / were greater than I’, the series (4) would 
be convergent, by Cauchy’s test, for any number « between 1// and 1//’, whereas 
the same series, for the same value of x, would be divergent by d’Alembert’s test. 

Still more generally, if wp +1/Un approaches a limit 1, Vu, approaches the same 
limit.* For suppose that, after a certain term, each of the ratios 


Un +1 | Un +2 Un +p 
wheel pulse ngs sear 
Un Un+1 Un+p—1 
lies between J — ce and 1 + e, where e is a positive number which may be taken 
as small as we please by taking n sufficiently large. Then we shall have 


(ep < 2 ct 9p, 
or > 
1 


Dp 1 Pp 
=n STR n+p ae Te 
Un? (C= PRP N/a = ht? EP yt 


ae SN ee 


* Cauchy, Cours d’ Analyse. 
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As the number p increases indefinitely, while n remains fixed, the two terms on 
the extreme right and left of this double inequality approach 1+ ¢ and 1 —e, 
respectively. Hence for all values of m greater than a suitably chosen number 
we shall have 


Us Ve Vi = UE Be, 


and, since ¢ is an arbitrarily assigned number, it follows that Vu, approaches 
the number / as its limit. 
It should be noted that the converse is not true. Consider, for example, the 


sequence 
il, a, ab, a?b, a? b2, OID aror—l, Qrbe, teey 


where a and 0 are two different numbers. The ratio of any term to the preced- 
ing is alternately a and b, whereas the expression Vu, approaches the limit V/ab 
as n becomes infinite. 

The preceding proposition may be employed to determine the limits of cer- 
tain expressions which occur in undetermined forms. Thus it is evident that 
the expression V 1.2---n increases indefinitely with n, since the ratio n '/(n—1)! 
increases indefinitely with nm. In a similar manner it may be shown that each of 
the expressions Vn and Vlogn approaches the limit unity as n becomes infinite. 


160. Application of the greatest limit. Cauchy formulated the preceding test 
in a more general manner. Let a, be the general term of a series of positive 
terms. Consider the sequence 


1 


1 1 1 
(5) a, ae; ay a8 any 
If the terms of this sequence have no upper limit, the general term a, will not 
approach zero, and the given series will be divergent. If all the terms of the 
sequence (5) are less than a fixed number, let w be the greatest limit of the terms 
of the sequence. 


The series Za, is convergent if w is less than unity, and divergent if w is greater 
than unity. 


In order to prove the first part of the theorem, let 1— a be a number between 
wand1. Then, by the definition of the greatest limit, there exist but a finite 
number of terms of the sequence (5) which are greater than 1— a. It follows 
that a positive integer p may be found such that V/ a, <1—a¢ for all values of n 
greater than p. Hence the series =a, converges. On the other hand, if w >1, 
let 1+ @ be a number between 1 and w. Then there are an infinite number of 
terms of the sequence (5) which are greater than 1+ a, and hence there are an 
infinite number of values of n for which a, is greater than unity. It follows that 
the series Da, is divergent in this case. The case in which w =1 remains in doubt. 


161. Cauchy’s theorem. In case w,,,/u, and Vu, both approach 
unity without remaining constantly greater than unity, neither 
d’Alembert’s test nor Cauchy’s test enables us to decide whether 
the series is convergent or divergent. We must then take as a 
comparison series some series which has the same characteristic 
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but which is known to be convergent or divergent. The following 
proposition, which Cauchy discovered in studying definite integrals, 
often enables us to decide whether a given series is convergent or 
divergent when the preceding rules fail. 

Let }(x) be a function which is positive for values of x greater 
than a certain number a, and which constantly decreases as x 
increases past x = a, approaching zero as x increases indefinitely. 
Then the 2 axis is an asymptote to the curve y = $(), and the 


definite integral 
1 
ih p(x) da 


may or may not approach a finite limit as Z increases indefinitely. 


The series 
~ $a) + o(at+1)+---+o@4n)+-: 


converges if the preceding integral approaches a limit, and diverges if 
it does not. 


For, let us consider the set of rectangles whose bases are each 
unity and whose altitudes are $(a), (a +1), ---, (a+ 2), respec- 
tively. Since each of these rectangles extends beyond the curve 
y = $(«), the sum of their areas is evidently greater than the area 
between the x axis, the curve y = ¢(«), and the two ordinates x = a, 
x=a-+n, that is, 


$(a2) + o(a +1) +--+ ¢(@+n) =f here 


On the other hand, if we consider the rectangles constructed 
inside the curve, with a common base equal to wnity and with the 
altitudes ¢(a +1), (a + 2), ---, d(a+ n), respectively, the sum of 
the areas of these rectangles is evidently less than the area under 
the curve, and we may write 


a+n 


$(a) + $41) $+ $tny<s@t] — s(a)ae. 


Hence, if the integral ['6(@) dx approaches a limit ZL as J increases 
indefinitely, the sum $(a)+---+¢4(a+ 7) always remains less than 
¢(a) +L. It follows that the sum in question approaches a limit; 
hence the series (6) is convergent. On the other hand, if the inte- 
gral [°*"p(a) dx increases beyond all limit as » increases indefinitely, 
the same is true of the sum 


$(2)+ o(4+1)+:--+¢(@+4+2), 
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as is seen from the first of the above inequalities. Hence in this 
case the series (6) diverges. 

Let us consider, for example, the function $(x)=1/x", where p 
is positive and a =1. This function satisfies all the requirements 
of the theorem, and the integral if it /x“ | dx approaches a limit as 
Z increases indefinitely if and only if pw is greater than unity. It 
follows that the series 


converges if u is greater than unity, and diverges if » $1. 

Again, consider the function ¢(#)=1/[a(logx)"], where logz 
denotes the natural logarithm, m is a positive number, and a = 2. 
Then, if » #1, we shall have 


"dz —1 
es l l-p — l l—p * 
Jf eaoem = log ny'-* — (og 2-4] 
The second member approaches a limit if » >1, and increases 
indefinitely with » if «<1. Im the particular case when p =1 it 
is easy to show in a similar manner that the integral increases 
beyond all limit. Hence the series 


1 1 1 


Moga * Blog sy * 


B(log 3" | mdogaye 


converges if » >1, and diverges if » <1. 
More generally the series whose general term is 


i 
n log n log? n log*® n -- - log?! n(log? n)* 


converges if » >1, and divergesif ~<1. In this expression log?n 
denotes log log n, log? m denotes log log log n, etc. It is understood, 
of course, that the integer » is given only values so large that 
log n, log? n, log*n, ---, log? m are positive. The missing terms in 
the series considered are then to be supplied by zeros. The 
theorem may be proved easily in a manner similar to the demon- 
strations given above. If, for instance, » #1, the function 
a] 
x log x log? x --- (log? x) 

is the derivative of (log? )'-“/(1— 4), and this latter function 
approaches a finite limit if and only if »p >1. 
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Cauchy’s theorem admits of applications of another sort. Let us suppose 
that the function ¢(«) satisfies the conditions imposed above, and let us con- 
sider the sum 

O(n) + O(n +1) +---+ (n+ p), 
where n and p are two integers which are to be allowed to become infinite. Ifthe 
series whose general term is ¢(n) is convergent, the preceding sum approaches 
zero as a limit, since it is the difference between the two sums S,+,4+41 and Sp, 
each of which approaches the sum of the series. But if this series is divergent, 
no conclusion can be drawn. Returning to the geometrical interpretation given 
above, we find the double inequality 


n+p n+p 
iE (a) de < b(n) + (rn +1) +--+ + o(n-+ p) < o(n)+ i (x) da. 


Since ¢(n) approaches zero as n becomes infinite, it is evident that the limit of 
the sum in question is the same as that of the definite integral J 7? ¢(@) da, 
and this depends upon the manner in which n and p become infinite. 
For example, the limit of the sum 
1 1 1 
n n+1 i n+p 


is the same as that of the definite integral [”*” [1/z]da =log(1+ p/n). It is 
clear that this integral approaches a limit if and only if the ratio p/n approaches a 
limit. If @ is the limit of this ratio, the preceding sum approaches log (1 + a) 
as its limit, as we have already seen in § 49. 
Finally, the limit of the sum 
: =f 4 ae =f L 
vn Vn-+1 Vn +p 


is the same as that of the definite integral 


n+p 
ifs ee EN eres ey 


x 


In order that this expression should approach a limit, it is necessary that the 
ratio p/n should approach a limit a. Then the preceding expression may be 
written in the form 


eee 

p ais Vn 
Vntp+tvn eae 
pit 1+ ne 


and it is evident that the limit of this expression is a. 


162. Logarithmic criteria. Taking the series 
ain eee 
qect Gegtyh tape aes 


as a comparison series, Cauchy deduced a new test for convergence 
which is entirely analogous to that which involves Vu, 
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If after a certain term the expression log(1/u,)/logn is always 
greater than a fixed number which is greater than unity, the series 
converges. If after a certain term log(1/u,)/logn is always less 
than unity, the series diverges. 

Tf log A/u,)/log n approaches a limit l as n increases indefinitely, 
the series converges if 1>1, and diverges if 1<1. The case in 
which l=1 remains in doubt. 


In order to prove the first part of the theorem, we will remark 
that the inequality 


log — >klogn 


is equivalent to the inequality 
1 


Sak OF 1 a <5 
Uy, n 
since k > 1, the series surely converges. 
Likewise, if 
log A <logn, 
u 


nr 


we shall have wu, >1/n, whence the series surely diverges. 

This test enables us to determine whether a given series con- 
verges or diverges whenever the terms of the series, after a certain 
one, are each less, respectively, than the corresponding terms of 
the series 


A A A 
Ae para, weer le 
where 4 is a constant factor and » >1. For, if 
A 
Uy << ne ) 
we shall have log w, + »logn < log A or 


] ae 

8 ui, log A 
———— — 9 
log n M log n 


and the right-hand side approaches the limit m as m increases 
indefinitely. If K denotes a number between unity and p, we 
shall have, after a certain term, 
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Similarly, taking the series 


1 1 
»s n(log n) ; Sy n log n(log? 1)" : 


as comparison series, we obtain an infinite suite of tests for con- 
vergence which may be obtained mechanically from the preceding 
by replacing the expression log (1/u,)/log m by log [1/(nu,) ]/ log? n, 
then by 
ype 
nu, log 
log? n 


and so forth, in the statement of the preceding tests.* These tests 
apply in more and more general cases. Indeed, it is easy to show 
that if the convergence or divergence of a series can be established 
by means of any one of them, the same will be true of any of those 
which follow. It may happen that no matter how far we proceed 
with these trial tests, no one of them will enable us to determine 
whether the series converges or diverges. Du Bois-Reymond f and 
Pringsheim ¢ have in fact actually given examples of both convergent 
and divergent series for which none of these logarithmic tests deter- 
mines whether the series converge or diverge. This result is of great 
theoretical importance, but convergent series of this type evidently 
converge very slowly, and it scarcely appears possible that they 
should ever have any practical application whatever in problems 
which involve numerical calculation.§ 


163. Raabe’s or Duhamel’s test. Retaining the same comparison 
series, but comparing the ratios of two consecutive terms instead 
of comparing the terms themselves, we are led to new tests which 
are, to be sure, less general than the preceding, but which are 
often easier to apply in practice. For example, consider the series 
of positive terms 


(7) Uae Chi ap Uhm O00 a0 = SOO or 


* See Bertrand, Traité de Calcul différentiel et intégral, Vol. I, p. 238; Journal 
de Liouville, 1st series, Vol. VII, p. 35. 


t Ueber Convergenz von Reihen . . . (Crelle’s Journal, Vol. LXXVI, p. 85, 1873). 
t Allgemeine Theorie der Divergenz . . . (Mathematische Annalen, Vol. XXXV, 
1890). 


§In an example of a certain convergent series due to du Bois-Reymond it would 
be necessary, according to the author, to take a number of terms equal to the volume 
of the earth expressed in cubic millimeters in order to obtain merely half the sum of 
the series. 
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in which the ratio w,,,/u, approaches unity, remaining constantly 
less than unity. Then we may write 


uU 1 


= VW 


ue es a, 


where a, approaches zero as n becomes infinite. The comparison of 
this ratio with [n/(m +1) ]* leads to the following rule, discovered 
first by Raabe* and then by Duhamel.f 


If after a certain term the product na, is always greater than a 
fixed number which is greater than unity, the series converges. IPf 
after a certain term the same product is always less than unity, the 
series diverges. 


The second part of the theorem follows immediately. For, since 
na, <1 after a certain term, it follows that 
1 n 
Tite ae et 
and the ratio uw, ,,/u, 18 greater than the ratio of two consecutive 
terms of the harmonic series. Hence the series diverges. 

In order to. prove the first part, let us suppose that after a certain 
term we always have na, >k>1. Let pw be a number which lies 
between 1 and k, 1<p<k. Then the series surely converges if 
after a certain term the ratio wu,,,/u, is less than the ratio 
[n/(m +1) ]* of two consecutive terms of the series whose general 
term is n-“. The necessary condition that this should be true 
is that . 

il 1 


(8) Tear Ear 


or, developing (1+1/n)" by Taylor’s theorem limited to the term 
in 1/n?, 

ie = + a 2 Ace ome 
where A, always remains less than a fixed number as n becomes 


infinite. Simplifying this inequality, we may write it in the form 


r 
p< 1a, 
n 


* Zeitschrift fiir Mathematik und Physik, Vol. X, 1882. 
t Journal de Liouville, Vol. IV, 1838. 
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The left-hand side of this inequality approaches p» as its limit as n 
becomes infinite. Hence, after a sufficiently large value of n, the 
left-hand side will be less than a,, which proves the inequality (8). 
It follows that the series is convergent. 

If the product na, approaches a limit / as n becomes infinite, we 
may apply the preceding rule. The series is convergent if />1, 
and divergent if 7<1. A doubt exists if 7 =1, except when na, 
approaches unity remaining constantly less than unity: in that case 
the series diverges. 


If the product na, approaches unity as its limit, we may compare the ratio 
Un +1/Uy With the ratio of two consecutive terms of the series 


1 1 
YOO oe uae 


which converges if 4» >1, and diverges if »<1. The ratio of two consecutive 
terms of the given series may be written in the form 


Unt il 
aes SS 
U 
iw reece 
n n 


where B, approaches zero as n becomes infinite. If after a certain term the 
product B, log n is always greater than a fixed number which is greater than unity, 
the series converges. If after a certain term the same product is always less than 
unity, the series diverges. 

In order to prove the first part of the theorem, let us suppose that 8, logn>k>1. 
Let « be a number between land k. Then the series will surely converge if after 
a certain term we have, 


(9) 


Une n log n Ae 
dhs n +1 Llog(n + 1) 


which may be written in the form 


1 bd 
1 in los >= 
tetas (ia 2)[ 14 eta) ] 9 
n n n 


log n 


or, applying Taylor’s theorem to the right-hand side, 


f,,ocled ., [ncte DT? 


1 
2485 (142)}14 
i n log n log n 


where i, always remains less than a fixed number as n becomes infinite, 
Simplifying this inequality, it becomes 


e 


An (nr +1) [tog (1 a x) 


logn 


1 
Brlogn > u(n + 1)log(1+ *) + 
n 
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The product (n +1)log(1 + 1/n) approaches unity as n becomes infinite; for it 
may be written, by Taylor’s theorem, in the form 


(10) (n+ 1)log(1+ 2) =14 2049, 
: n 2n 


where e approaches zero. The right-hand side of the above inequality therefore 
approaches wu as its limit, and the truth of the inequality is established for suffi- 
ciently large values of n, since the left-hand side is greater than k, which is itself 
greater than wu. 

The second part of the theorem may be proved by comparing the ratio 
Un+1/Un With the ratio of two consecutive terms of the series whose general 
term is 1/(nlogn). For the inequality 


Un+1 n logn 
Un etal log (n +1)’ 


which is to be proved, may be written in the form 


log (1+ 

1 ba 1 ; 

eee a en, 
rm 2 n log n 

or 


1 
Bnlogn < (n + log (1 + ;): 


The right-hand side approaches unity through values which are greater than 
unity, as is seen from the equation (10). The truth of the inequality is there- 
fore established for sufficiently large values of mn, for the left-hand side cannot 
exceed unity. 

From the above proposition it may be shown, as a corollary, that if the prod- 
uct 8, log n approaches a limit / as n becomes infinite, the series converges if />1, 
and diverges if 7<1. The case in which 7=1 remains in doubt, unless 6, logn 
is always less than unity. In that case the series surely diverges. 

If 8, log n approaches unity through values which are greater than unity, we 
may write, in like manner, 


pa 1 s 
Un 1 ee 
n niogn 


where y, approaches zero as n becomes infinite. It would then be possible to 
prove theorems exactly analogous to the above by considering the product 
Yn log?n, and so forth. 


Corollary. If in a series of positive terms the ratio of any term to the pre- 
ceding can be written in the form 


where u is a positive number, r a constant, and H,, a quantity whose absolute 
value remains less than a fixed number as n increases indefinitely, the series con- 
verges if r is greater than unity, and diverges in all other cases. 
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For if we set 


Un+1 1 
? 
(ie, 1+ a, 
we shall have 
Hy 
r — ——~ 
ne 
Na, = , 
n a r ira 
n nite 


and hence limna, =r. It follows that the series converges if r >1, and diverges 
if r<1. The only case which remains in doubt is that in which r=1. In order 
to decide this case, let us set 


Crpapil nt ; 
i) Tepe eee 
From this we find 
logn _ cee 
Blog tS ee, 
Se rans 
nm mite 


and the right-hand side approaches zero as » becomes infinite, no matter how 
small the number ~ may be. Hence the series diverges. 

Suppose, for example, that u,1/U, is a rational function of n which ap- 
proaches unity as n increases indefinitely : 


Un+1 P+ a nP—!+4 agnP—2+.-- 
Un nP + bynP-14+ bonP—2 +... 


Then, performing the division indicated and stopping with the term in 1/n?, we 
may write 

—0b 

eee So ute 

n n 
where ¢(n) is a rational function of n which approaches a limit as n becomes 
infinite. By the preceding theorem, the necessary and sufficient condition that 
the series should converge is that 

by > a +1. 


This theorem is due to Gauss, who proved it directly.* It was one of the first 
general tests for convergence. 


164. Absolute convergence. We shall now proceed to study series 
whose terms may be either positive or negative. If after a certain 
term all the terms have the same sign, the discussion reduces to 
the previous case. Hence we may restrict ourselves to series 
which contain an infinite number of positive terms and an infinite 


* (Collected Works, Vol. III, p. 138.) Disquisitiones generales circa seriem infinitam 


ibas See inc, 
1.¥ 
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number of negative terms. We shall prove first. of all the fol- 
lowing fundamental theorem : 


Any series whatever is convergent if the series formed of the abso- 
lute values of the terms of the given series converges. 


Let 
(11) Aly Foti ae ec 

be a series of positive and negative terms, and let 
(12) Oe et Dee 


be the series of the absolute values of the terms of the given series, 
where U, =|u,|. If the series (12) converges, the series (11) like- 
wise converges. This is a consequence of the general theorem of 
§ 157. For we have | 


[26,41 too + ty | <= ete OAS eee Or Se Unie 


and the right-hand side may be made less than any preassigned num- 
ber by choosing n sufficiently large, for any subsequent choice of p. 
Hence the same is true for the left-hand side, and the series (11) 
surely converges. 

The theorem may also be proved as follows: Let us write 


uu, = (Uy, ate U,,) ae Om 
and then consider the auxiliary series whose general term is uw, +U,, 
(13) (to + Uo) + Ga + U1) ++ + Ui) Ho 


Let S,, S!, and S/’ denote the sums of the first » terms of the series 
(11), (12), and (13), respectively. Then we shall have 


cS, = s5) — Se 


The series (12) converges by hypothesis. Hence the series (13) 
also converges, since none of its terms is negative and its general 
term cannot exceed 2U,. It follows that each of the sums S/ and 
S/', and hence also the sum S,, approaches a limit as increases 
indefinitely. Hence the given series (11) converges. It is evident 
that the given series may be thought of as arising from the subtrac- 
tion of two convergent series of positive terms. 

Any series is said to be absolutely convergent if the series of the 
absolute values of its terms converges. In such a series the order of 
the terms may be changed in any way whatever without altering the 
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sum of the series. Let us first consider a convergent series of posi- 
tive terms, 


(14) A tate +a t-r'y 
whose sum is S, and let 
(15) by tO po Oy be 


be a series whose terms are the same as those of the first series 
arranged in a different order, i.e. each term of the series (14) is to 
be found somewhere in the series (15), and each term of the series 
(15) oceurs in the series (14). 

Let S!, be the sum of the first m terms of the series (15). Since 
all these terms occur in the series (14), it is evident that » may be 
chosen so large that the first m terms of the series (15) are to be 


found among the first 2 terms of the series (14). Hence we shall have 
Soe es 

which shows that the series (15) converges and that its sum S' does 

not exceed S. In a similar manner it is clear that SSS’. Henee 

S'=S. The same argument shows that if one of the above series 

(14) and (15) diverges, the other does also. 

The terms of a convergent series of positive terms may also be 
grouped together in any manner, that is, we may form a series each 
of whose terms is equal to the sum of a certain number of terms of 
the given series without altering the sum of the series.* Let us first 
suppose that consecutive terms are grouped together, and let 


(16) AytAi+4g+°:>+4,+::: 


be the new series obtained, where, for example, 


Ay=%+%+°:-+4,, Ay = 44, +::: +a, 
Ag = g41 + -*° + &; 


Then the sum S', of the first m terms of the series (16) is equal to 
the sum S, of the first V terms of the given series, where N > mi. 
As m becomes infinite, NV also becomes infinite, and hence Sj, also 
approaches the limit S. 

Combining the two preceding operations, it becomes clear that any 
convergent series of positive terms may be replaced by another series 
each of whose terms is the sum of a certain number of terms of the 
given series taken in any order whatever, without altering os sum of 


iS 


* It is often said that parentheses may be inserted in a convergent series of positive 
terms in any inanner whatever without altering the sum of the series. — TRANS. 
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the series. It is only necessary that each term of the given series 
should occur in one and in only one of the groups which form the 
terms of the second series. 

Any absolutely convergent series may be regarded as the differ- 
ence of two convergent series of positive terms; hence the preceding 
operations are permissible in any such series. It is evident that an 
absolutely convergent series may be treated from the point of view 
of numerical calculation as if it were a sum of a finite number of 
terms. 


165. Conditionally convergent series. A series whose terms do not all 
have the same sign may be convergent without being absolutely con- 
vergent. This fact is brought out clearly by the following theorem 
on alternating series, which we shall merely state, assuming that it 
is already familiar to the student.* 


A series whose terms are alternately positive and negative converges 
if the absolute value of each term is less than that of the preceding, 
and if, in addition, the absolute value of the terms of the series 
diminishes indefinitely as the number of terms increases indefinitely. 


For example, the series 


iN pads ogc. abel 
fo ae pete a> Se 

converges. We saw in § 49 that its sum is log2. The series 
of the absolute values of the terms of this series is precisely the 
harmonic series, which diverges. A series which converges but 
which does not converge absolutely is called a conditionally conver- 
gent series. The investigations of Cauchy, Lejeune-Dirichlet, and 
Riemann have shown clearly the necessity of distinguishing between 
absolutely convergent series and conditionally convergent series. 
For instance, in a conditionally convergent series it is not always 
allowable to change the order of the terms nor to group the terms 
together in parentheses in an arbitrary manner. These operations 
may alter the sum of such a series, or may change a convergent 
series into a divergent series, or vice versa. For example, let us 
again consider the convergent series 


Tale wee 1 1 
eT TS ai ees) “eee 


ee ee 


* It is pointed out in § 166 that this theorem is a special case of the theorem proved 
there. — TRANS. 
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whose sum is evidently equal to the limit of the expression 


ree. il 1 
> Nip ip a 


a0 


as m becomes infinite. Let us write the terms of this series in another 
order, putting two negative terms after each positive term, as follows: 


{2 eae fee fo — a e.,, 


It is easy to show from a consideration of the sums 8;,,, S,,4,, and 
Ss,+9 that the new series converges. Its sum is the limit of the 
expression 


as m becomes infinite. From the identity 


sh ap dad i RD is pu ee 

Dele WA Eo” Shy Aa NO en ae 
it is evident that the sum of the second series is half the sum of 
the given series. 


In general, given a series which is convergent but not absolutely convergent, 
it is possible to arrange the terms in such a way that the new series converges 
toward any preassigned number A whatever. Let S, denote the sum of the 
first p positive terms of the series, and S, the sum of the absolute values of the 
first gq negative terms, taken in such a way that the p positive terms and the g 
negative terms constitute the first p + q terms of the series. Then the sum of 
the first p + q terms is evidently S, — S,. As the two numbers pand q increase 
indefinitely, each of the sums S, and S, must increase indefinitely, for otherwise 
the series would diverge, or else converge absolutely. On the other hand, since 
the series is supposed to converge, the general term must approach zero. 

We may now form a new series whose sum is A in the following manner: 
Let us take positive terms from the given series in the order in which they occur 
in it until their sum exceeds A. Let us then add to these, in the order in which 
they occur in the given series, negative terms until the total sum is less than A. 
Again, beginning with the positive terms where we left off, let us add positive 
terms until the total sum is greater than A. We should then return to the 
negative terms, and so on. It is clear that the sum of the first n terms of the 
new series thus obtained is alternately greater than and then less than A, and 
that it differs from A by a quantity which approaches zero as its limit. 


166. Abel’s test. The following test, due to Abel, enables us to establish the 
convergence of certain series for which the preceding tests fail. The proof is 
based upon the lemma stated and proved in § 75. i 

Let 

Uo Ur tess + Unters 
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be a series which converges or which is indeterminate (that is, for which the suia 
of the first n terms is always less than a fixed number A in absolute value). 
Again, let 


C09 ly *°*%, En, 


be a monotonically decreasing sequence of positive numbers which approach 
zero as 2 becomes infinite. Then the series 


(17) €9Uo + €yUy +++ + epytee> 


converges under the hypotheses made above. 
For by the hypotheses made above it follows that 


! 


| Un +1 qe ONO Se Un +p | < 2A 
for any value of n and p. Hence, by the lemma just referred to, we may write 
|Un+1€n+1 ap oe os Un +p €n+p| < 2Aen+1- 


Since ¢,+41 approaches zero as n becomes infinite, n may be chosen so large that 
the absolute value of the sum 


€Ent1Unt+it::++ e+pUntp 


will be less than any preassigned positive number for all values of p. The 
series (17) therefore converges by the general theorem of § 157. 
When the series up + uy +--+ + Uy, +--+ reduces to the series 


SS og be late em ep 


whose terms are alternately +1 and — 1, the theorem of this article reduces to 
the theorem stated in § 165 with regard to alternating series. 
As an example under the general theorem consider the series 


sinéd+sin26+sin80+---+sinn@+---, 


which is convergent or indeterminate. For if sin@ = 0, every term of the series 
is zero, while if sing 40, the sum of the first n terms, by a formula of Trigo- 
nometry, is equal to the expression 


which is less than |1/sin (@/2)| in absolute value. It follows that the series 


sin@ sin20 sin n0 
Ss a 
1 2 ‘ 


converges for all values of #6. It may be shown in a similar manner that the 
series 


sé .cos26@ cos nO 
ee ht + 
1 2 Nn 


converges for all values of 0 except 6 = 2kz. 
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Corollary. Restricting ourselves to convergent series, we may state a more 


general theorem. Let 
Uo + Utes + Untes 


be a convergent series, and let 
EQgs (Elin) 2 *i'ete Henry 
be any monotonically increasing or decreasing sequence of positive numbers 
which approach a limit & different from zero as n increases indefinitely. Then 
the series 
(18) ego + €1y + °++ + Ela +--- 


also converges. 
For definiteness let us suppose that the e’s always increase. Then we may 


write 
€ =k— a, g=k—-—a, sisi €n =k — a, Baty 


where the numbers a, @,°:+; @,-+:: form a sequence of decreasing positive 
numbers which approach zero as n becomes infinite. It follows that the two 


series 
kup + kuyz +--+ + khuy aie e's 


Huo + AU + +++ + AnUn+t:-- 


both converge, and therefore the series (18) also converges. 


Il. SERIES OF COMPLEX TERMS MULTIPLE SERIES 


167. Definitions. In this section we shall deal with certain gen- 
eralizations of the idea of an infinite series. 
Let 


(19) Uy + Uy + Ue +--+ u, +--- 
be a series whose terms are imaginary quantities: 
Mp = Oo + Oot, UW = +61, “=3, (4, = 0,162, 


Such a series is said to be convergent if the two series formed of 
the real parts of the successive terms and of the coefficients of the 
imaginary parts, respectively, both converge: 


(20) Qe + @, + Gy <-> Fa, +s == 8), 
(21) bo +O, +b. +-:-+ 6, +--+ = 8", 


Let S' and S" be the sums of the series (20) and (21), respectively. 
Then the quantity S = S'+ éS" is called the swm of the series (19). 
It is evident that S is, as before, the limit of the sum S, of the first 
n terms of the given series as » becomes infinite. It is evident 
that a series of complex terms is essentially only a combination of 
two series of real terms. 
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When the series of absolute values of the terms of the series (19) 


(22) Nee t/t Bh Ee. -+JVe+e + 62+ 


converges, each of the series (20) and (21) evidently converges abso- 
lutely, for ja,|S S$ J/a2 +0? and [d,|<$ Ja? +2. 

In this case the series (19) is said to be absolutely convergent. The 
sum of such a series is not altered by a change in the order of the 


terms. nor by grouping the terms together in any way. 


Conversely, if each of the series (20) and (21) converges absolutely, 
the series (22) converges absolutely, for \/a2 + 0? S |a,|+ |6,,|. 


Corresponding to every test for the convergence of a series of 
positive terms there exists a test for the absolute convergence of 
any series whatever, real or imaginary. Thus, if the absolute value 
of the ratio of two consecutive terms of a series \u, ,,/U,|, after a cer- 
tain term, is less than a fixed number less than unity, the series con- 
verges absolutely. For, let U,=|u,|. Then, since |u,,,/u,|<k<1 
after a certain term, we shall have also 
fast a) ely 


n 


which shows that the series of absolute values 
Uy + Ut + Ue 


converges. If |u,,,/u,| approaches a limit 1 as n becomes infinite, 
the series converges if 1<1, and diverges if 1>1. The first half is 
self-evident. In the second case the general term wu, does not 
approach zero, and consequently the series (20) and (21) cannot 
both be convergent. The case 7 =1 remains in doubt. 


More generally, if w be the greatest limit of VU, as n becomes infinite, the 
series (19) converges if w<1, and diverges if w»>1. For in the latter case the 
modulus of the general term does not approach zero (see § 161). The case in 
which w = 1 remains in doubt — the series may be absolutely convergent, simply 
convergent, or divergent. 


168. Multiplication of series. Let 
(23) Of) ae Uhl ae Uae ooo ap Crea om 
(24) Uy ae ae ae 22 ae Un a= OSC 


be any two series whatever. Let us multiply terms of the first 
series by terms of the second in all possible ways, and then group 
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together all the products u;v; for which the sum i+ of the sub- 
scripts is the same; we obtain in this way a new series 


§ UU + (MoM + Yo) + (Moe + MY + Uy %) + °° 
( + (Up Vy + Uy Uy iy or Fy) Hoe 


If each of the series (23) and (24) is absolutely convergent, the 
series (25) converges, and its sum is the product of the sums of the 
two given series. This theorem, which is due to Cauchy, was gener- 
alized by Mertens,* who showed that it still holds if only one of the 
series (23) and (24) is absolutely convergent and the other is merely 
convergent. 

Let us suppose for definiteness that the series (23) converges 
absolutely, and let w, be the general term of the series (25): 


(25) 


Wr UjU, 1 Uy Un ay ate ie Ue Uo 
The proposition will be proved if we can show that each of the 
differences 


We te BOgetare cag, (Ute Uyeetst ely) (UG Oi tay 
Wy Wy +--+ Wen gr — (Uy + Uy + 22? + Ung) + + °° + Un 42) 


approaches zero as 7 becomes infinite. Since the proof is the same 
in each case, we shall consider the first difference only. Arranging 
it according to the w’s, it becomes 


S= Uy (Ungr t+ -** + Yon) + Uy (Un4i °° + Van) Fos + Un—1U 41 
Hb ty 1 (Up oe? + Up-1) + Un 2 (Yo + °*> + Up_a)  o** + tay %- 


Since the series (23) converges absolutely, the sum U)+ U,+---+U, 
is less than a fixed positive number A for all values of n. Like- 
wise, since the series (24) converges, the absolute value of the sum 
V) +v; +---+ 4, is less than a fixed positive number B. Moreover, 
corresponding to any preassigned positive number e a number m 
exists such that 
€ 
Ungitos FU ng < Far 
€ 


|Ungit tn bel Se ry 


for any value of p whatever, provided that n2m. Having so chosen 
n that all these inequalities are satisfied, an upper limit of the quan- 
tity [8] 1s given by replacing wp, 1, We +++, Uon by Uoy Uy, Ua, +++) Usps 


* Crelle’s Journal, Vol. LXXIX. 
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respectively, ¥,41 + Urge +++: + 0,4, by «/(A + B), and finally each 
of the expressions vp + 1 + +++ + Uy_1) Yo b+ + Up_ay °° *) Uo by B. 
This gives 
€ € € 
RS erg rey ora LE Grp 
FU, B+ U,..B+:--+U,,B, 


or 
[3] < yo + UH + Fyn) + B(Ungr +++ + Vas) 
e eA + «B 


eB ete 


whence, finally, |8|< «. Hence the difference 8 actually does approach 
zero as m becomes infinite. 


169. Double series. Consider a rectangular network which is lim- 
ited upward and to the left, but which extends indefinitely down- 
ward and to the right. The network will contain an infinite number 
of vertical columns, which we shall number from left to right from 
0 to+o. It will also contain an infinite number of horizontal 
rows, which we shall number from the top downward from 0 to +o. 
Let us now suppose that to each of the rectangles of the network a 
certain quantity is assigned and written in the corresponding rec- 
tangle. Let a,, be the quantity which lies in the 7th row and in the 
kth column. Then we shall have an array of the form 


(26) 


We shall first suppose that each of the elements of this array is real 
and positive. 

Now let an infinite sequence of curves C,, Cz, ---, C,,--: be drawn 
across this array as follows: 1) Any one of them forms with the two 
straight lines which bound the array a closed curve which entirely 
surrounds the preceding one; 2) The distance from any fixed point 
to any point of the curve C,,, which is otherwise entirely arbitrary, 
becomes infinite with n. Let S; be the sum of the elements of the 
array which lie entirely inside the closed curve composed of C; and 
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the two straight lines which bound the array. If S, approaches a 
limit S as m becomes infinite, we shall say that the double series 


converges, and that its swum is S. In order to justify this definition, 
it is necessary to show that the limit S$ is independent of the form 
of the curves C. Let Ci, Cj,---, Ci, --- be another set of curves 
which recede indefinitely, and let S/ be the sum of the elements 
inside the closed curve formed by C} and the two boundaries. If m 
be assigned any fixed value, m can always be so chosen that the 
curve C,, lies entirely outside of C/,. Hence S/,< S,, and therefore 
S!,<S, for any value of m. Since S/, increases steadily with m, it 
must aipecack a limit S'<.S as m becomes infinite. In the same 
way it follows that S<S'. Hence S'=S. 

For example, the curve C, may be chosen as the two lines which 
form with the boundaries of the array a square whose side increases 
indefinitely with 7, or as a straight line equally inclined to the two 
boundaries. The corresponding sums are, respectively, the following : 


(27) 


aM 


Ao + (419 + M11 + %1) +: . -+(Qpo + Ga ats ati ae create ‘ Coals 
Ay + (B19 + 1) + eo + 11 + M2) FF (Ano + Ona, 1 + Mon): 


If either of these sums approaches a limit as m becomes infinite, the 
other will also, and the two limits are equal. 

The array may also be added by rows or by columns. For, sup- 
pose that the double series (27) converges, and let its sum be S. It 
is evident that the sum of any finite number of elements of the series 
cannot exceed S. It follows that each of the series formed of the 
elements in a single row 


(28) Big + Gy Fs + F Og Foor, += 0,1, 2,---, 
converges, for the sum of the first m +1 terms a,, +a, +--:+a,, 


cannot exceed S and increases steadily with n. Let o, be the sum of 
the series formed of the elements in the zthrow. Then the new series 


(29) otot:::+o,4+::: 


surely converges. For, let us consider the sum of the terms of the 
array 3a, for which iSp,kSr. This sum cannot exceed S, and 
increases steadily with r for any fixed value of p; hence it 
approaches a limit as r becomes infinite, and that limit is equal to 


(30) Coat Oy a es hoy, 
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for any fixed value of p. It follows that o) +o, +---+ o, cannot 
exceed S and increases steadily with p. Consequently the series (29) 
converges, and its sum & is less than or equal to S. Conversely, if 
each of the series (28) converges, and the series (29) converges to a 
sum &, it is evident that the sum of any finite number of elements 
of the array (26) cannot exceed 3. Hence S< 3%, and consequently 
a= 8. 

The argument just given for the series formed from the elements 
in individual rows evidently holds equally well for the series formed 
from the elements in individual columns. The sum of a convergent 
double series whose elements are all positive may be evaluated by 
rows, by columns, or by means of curves of any form which recede 
indefinitely. In particular, if the series converges when added by rows, 
at will surely converge when added by columns, and the sum will be the 
same. A number of theorems proved for simple series of positive 
terms may be extended to double series of positive elements. For 
example: if each of the elements of a double series of positive elements 
is less, respectively, than the corresponding elements of a known con- 
vergent double series, the first series is also convergent; and so forth. 

A double series of positive terms which is not convergent is said 
to be divergent. The sum of the elements of the corresponding 
array which lie inside any closed curve increases beyond all limit 
as the curve recedes indefinitely in every direction. 

Let us now consider an array whose elements are not all positive. 
It is evident that it is unnecessary to consider the cases in which ' 
all the elements are negative, or in which only a finite number of 
elements are either positive or negative, since each of these cases 
reduces immediately to the preceding case. We shall therefore sup- 
pose that there are an infinite number of positive elements and an 
infinite number of negative elements in the array. Leta, be the 
general term of this array 7. If the array 7, of positive elements, 
each of which is the absolute value |a;,| of the corresponding element 
in T, converges, the array T is said to be absolutely convergent. Such 
an array has all of the essential properties of a convergent array of 
positive elements. . 

In order to prove this, let us consider two auxiliary arrays 7' 
and 7", defined as follows. The array 7'is formed from the array T 
by replacing each negative element by a zero, retaining the positive 
elements as they stand. Likewise, the array 7" is obtained from 
the array 7' by replacing each positive element by a zero and chang- 
ing the sign of each negative element. ach of the arrays 7’ and T" 
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converges whenever the array 7, converges, for each element of 7", 
for example, is less than the corresponding element of 7,. The sum 
of the terms of the series 7 which lie inside any closed curve is 
equal to the difference between the sum of the terms of 7’ which 
lie inside the same curve and the sum of the terms of 7" which 
lie inside it. Since the two latter sums each approach limits as 
the curve recedes indefinitely in all directions, the first sum also 
approaches a limit, and that limit is independent of the form of 
the boundary curve. This limit is called the sum of the array T. 
The argument given above for arrays of positive elements shows 
that the same sum will be obtained by evaluating the array T by 
rows or by columns. It is now clear that an array whose elements 
are indiscriminately positive and negative, if it converges absolutely, 
may be treated as if it were a convergent array of positive terms. 
But it is essential that the series 7, of positive terms be shown to 
be convergent. 


If the array 7, diverges, at least one of the arrays T’ and T” diverges. If 
only one of them, 7’ for example, diverges, the other T” being convergent, the 
sum of the elements of the array T which lie inside a closed curve C becomes 
infinite as the curve recedes indefinitely in all directions, irrespective of the 
form of the curve. If both arrays 7’ and T” diverge, the above reasoning 
shows only one thing, —that the sum of the elements of the array T inside 
a closed curve C is equal to the difference between two sums, each of which 
increases indefinitely as the curve C recedes indefinitely in all directions. It 
may happen that the sum of the elements of T inside C approach different 
limits according to the form of the curves C and the manner in which they 
recede, that is to say, according to the relative rate at which the number of 
positive terms and the number of negative terms in the sum are made to increase. 
The sum may even become infinite or approach no limit whatever for certain 
methods of recession. As a particular case, the sum obtained on evaluating by 
rows may be entirely different from that obtained on evaluating by columns if 
the array is not absolutely convergent. 

The following example is due to Arndt.* Let us consider the array 


Glimggdulecc nes ees) 


1 
2 
1 /1\? -1°/2\2 -1/2\2 1 738\2 L/o—1\ 1 p \? 
ay fe renal Gest) Re all WER on fooal ata, Oe =e Re ROR YOR 
2\2 3\3/ 3\3 4\4/’? 'p\ p DetN peek 


(31) 


Ae aa Rates Lip—1\"5 14 p..\2 
2\2 S\Eh SNS?) 2\4) ae OND -silay 


. 


* Grunert’s Archiv, Vol. XI, p. 319. 
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which contains an infinite number of positive and an infinite number of negative 
elements. Each of the series formed from the elements in a single row or from 
those in a single column converges. The sum of the series formed from the 
terms in the nth row is evidently 


Ue EA gee oh 

Oy) ae 
Hence, evaluating the array (31) by rows, the result obtained is equal to the 
sum of the convergent series 


i 
Qn+l 


eel 
sags taeah fees, 


which is 1/2. On the other hand, the series formed from the elements in the 
(p — 1)th column, that is, 


SLES) (tet) e] 
sala) Gay Gay 


converges, and its sum is 


p-—1 p —1 1 1 


p  ptl p(p+l) ptl p 


Hence, evaluating the array (31) by columns, the result obtained is equal to the 
sum of the convergent series 


dares (Aiea a prin a 1 SB: 
yen p+l1 p ; 


which is — 1/2. 
This example shows clearly that a double series should not be used in a 
calculation unless it is absolutely convergent. 


We shall also meet with double series whose elements are complex 
quantities. If the elements of the array (26) are complex, two other 
arrays 7" and 7"' may be formed where each element of 7" is the 
real part of the corresponding element of T and each element of 7” 
is the coefficient of 7 in the corresponding element of 7. If the 
array 7, of absolute values of the elements of 7, each of whose 
elements is the absolute value of the corresponding element of 7, 
converges, each of the arrays 7’ and 7" converges absolutely, and 
the given array 7 is said to be absolutely convergent. The sum of 
the elements of the array which lie inside a variable closed curve 
approaches a limit as the curve recedes indefinitely in all directions. 
This limit is independent of the form of the variable curve, and it 
is called the sum of the given array. The sum of any absolutely 
convergent array may also be evaluated by rows or by columns. 
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170. An absolutely convergent double series may be replaced by a simple 
series formed from the same elements. It will be sufficient to show that the 
rectangles of the network (26) can be numbered in such a way that each rec- 
tangle has a definite number, without exception, different from that of any other 
rectangle. In other words, we need merely show that the sequence of natural 
numbers 


(32) 0, 1, 2, Ome Ure SOE) 


and the assemblage of all pairs of positive integers (i, k), where i20, k20, can 
be paired off in such a way that one and only one number of the sequence (32) 
will correspond to any given pair (i, k), and conversely, no number n corresponds 
to more than one of the pairs (i,k). Let us write the pairs (i, k) in order as 
follows: 

(0, 9), (1, 0), (0, 1), (2, 0), qi, 1), (0, 2), eat) 


where, in general, all those pairs for which 1+ k=n are written down after 
those for which i + k <n have all been written down, the order in which those 
of any one set are written being the same as that of the values of 7 for the various 
pairs beginning with (n, 0) and going to (0, n). It is evident that any pair (?, k) 
will be preceded by only a finite number of other pairs. Hence each pair will 
have a distinct number when the sequence just written down is counted off 
according to the natural numbers. 

Suppose that the elements of the absolutely convergent double series 2Za;, are 
written down in the order just determined. Then we shall have an ordinary series 


(83) Goo + G10 + Goi + Ago + G11 + Gog +--+ + Ano + An—1,1 +--- 


whose terms coincide with the elements of the given double series. This simple 
series evidently converges absolutely, and its sum is equal to the sum of the given 
double series. It is clear that the method we have employed is not the only pos- 
sible method of transforming the given double series into a simple series, since 
the order of the terms of the series (83) can be altered at pleasure. Conversely, 
any absolutely convergent simple series can be transformed into a double series 
in an infinite variety of ways, and that process constitutes a powerful instrument 
in the proof of certain identities. * 

It is evident that the concept of double series is not essentially different from 
that of simple series. In studying absolutely convergent series we found that 
the order of the terms could be altered at will, and that any finite number of 
terms could be replaced by their sum without altering the sum of the series. 
An attempt to generalize this property leads very naturally to the introduction 
of double series. 


171. Multiple series. The notion of double series may be generalized. 
In the first place we may consider a series of elements a,,, with two 
subscripts m and n, each of which may vary from —« to +0. 
The elements of such a series may be arranged in the rectangles of 
a rectangular network which extends indefinitely in all directions ; 


— 


*Tannery, Introduction a la théorie des fonctions d’une variable, p. 67. 
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it is evident that it may be divided into four double series of ,the 
type we have just studied. 

A more important generalization is the following. Let us consider 
a series of elements of the type Ams, mg, ---,mp» Where the subscripts 
M1, Mg, +++, m, may take on any values from 0 to + o, or from — o 
to + e, but may be restricted by certain inequalities. Although no 
such convenient geometrical form as that used above is available 
when the number of subscripts exceeds three, a slight consideration 
shows that the theorems proved for double series admit of immediate 
generalization to multiple series of any order p. Let us first sup- 
pose that all the elements @,,, n.,...,m, are real and positive. Let S, 
be the sum of a certain number of elements.of the given series, S, 
the sum of S, and a certain number of terms previously neglected, 
Ss the sum of S, and further terms, and so on, the successive sums 
S,, Sg,---, S,,--- being formed in such a way that any particular 
element of the given series occurs in all the sums past a certain one. 
If S, approaches a limit S as n becomes infinite, the given series 
is said to be convergent, and S is called its sum. As in the case of 
double series, this limit is independent of the way in which the 
successive sums are formed. 

If the elements of the given multiple series have different signs 
or. are complex quantities, the series will still surely converge if the 
series of absolute values of the terms of the given series converges. 


172. Generalization of Cauchy’s theorem. The following theorem, 
which is a generalization of Cauchy’s theorem (§ 161), enables us to 
determine in many cases whether a given multiple series is conver- 
gent or divergent. Let f(x, y) be a function of the two variables x 
and y which is positive for all points (a, y) outside a certain closed 
curve I’, and which steadily diminishes in value as the point (a, y) 
recedes from the origin.* Let us consider the value of the double 
integral if i) I(x, y) dx dy extended over the ring-shaped region between 
I’ and a variable curve C outside I, which we shall allow to recede 
indefinitely in all directions; and let us compare it with the double 
series 3f(m, n), where the subscripts m and m may assume any posi- 
tive or negative integral values for which the point (m,n) lies out- 
side the fixed curve T. Then the double series converges vf the double 
integral approaches a limit, and conversely. 


* All that is necessary for the present proof is that f(x, y1) > /(%2, Y2) whenever 
21> %. and y,> yz outside T. It is easy to adapt the proof to still more general 
hypotheses. — TRANS. 


3860 INFINITE SERIES [VUI, § 173 


The linese: = 0,¢ =1, 7=—'+ 2, -y- andy=—0, y= 21 y= 22). 
divide the region between I and C into squares or portions of squares. 
Selecting from the double series the term which corresponds to that 
corner of each of these squares which is farthest from the origin, it 
is evident that the sum 3 f(m, n) of these terms will be less than the 
value of the double integral ‘i f ‘f(x, y) du dy extended over the region 
between [and C. If the double integral approaches a limit as C 
recedes indefinitely in all directions, it follows that the sum of any 
number of terms of the series whatever is always less than a fixed 
number; hence the series converges. Similarly, if the double series 
converges, the value of the double integral taken over any finite 
region is always less than a fixed number; hence the integral 
approaches a limit. The theorem may be extended to multiple 
series of any order p, with suitable hypotheses; in that case the 
integral of comparison is a multiple integral of order p. 

As an example consider the double series whose general term is 
1/(m? + n?)", where the subscripts m and m may assume all integral 
values from — o to + o except the values m=n=0. This series 
converges for » >1, and diverges for »S1. For the double integral 


oe Seay 


extended over the region of the plane outside any circle whose 
center is the origin has a definite value if ~» >1 and becomes 
infinite if ~<1 (§ 138). 
More generally the multiple series whose general term is 

se Oe ere 

(mi + m3 fo $m” 
where the set of values m, = m,=-:-=m,=0 is excluded, con- 
verges if 2u > p.* 


III. SERIES OF VARIABLE TERMS UNIFORM CONVERGENCE 


173. Definition of uniform convergence. A series of the form 
(35) Uo (&) + Wy (2) + +++ Uy (@) oo, 
whose terms are continuous functions of a variable x in an inter- 


val (a, 6), and which converges for every value of 2 belonging to 
that interval, does not necessarily represent a continuous function, 


*More general theorems are to be found in Jordan’s Cours d’ Analyse, Vol. I, p. 163. 
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as we might be tempted to believe. In order to prove the fact we 
need only consider the series studied in § 4: 


2 


a aoe x? 
1+ 2? 


2 on eye. a 
~ ar G+ay a (1+ «x?)” 


oh 2 ee 
which satisfies the above conditions, but whose sum is discontinuous 
for x=0. Since a large number of the functions which occur in 
mathematics are defined by series, it has been found necessary to 
study the properties of functions given in the form of a series. The 
first question which arises is precisely that of determining whether 
or not the sum of a given series is a continuous function of the 
variable. Although no general solution of this problem is known, 
its study has led to the development of the very important notion 
of uniform convergence. 

A series of the type (35), each of whose terms is a function of a 
which is defined in an interval (a, b), is said to be uniformly con- 
vergent in that interval if it converges for every value of x between 
a and 4, and if, corresponding to any arbitrarily preassigned positive 
number e, a positive integer NV, independent of x, can be found such 
that the absolute value of the remainder R,, of the given series 


Ry = Uy 41 (©) + Unga () + wee + Un p(@)+ °°: 


is less than e for every value of n2WN and for every value of x 
which lies in the interval (a, d). 

The latter condition is essential in this definition. For any pre- 
assigned value of x for which the series converges it is apparent 
from the very definition of convergence that, corresponding to any 
positive number ¢«, a number N can be found which will satisfy 
the condition in question. But, in order that the series should con- 
verge uniformly, it is necessary further that the same number NV 
should satisfy this condition, no matter what value of « be selected 
in the interval (a, 6). The following examples show that such is not 
always the case. Thus in the series considered just above we have 


1 
BO Gea when 2 #0. 
“The series in question is not uniformly convergent in the inter- 
val (0,1). For, in order that it should be, it would be necessary 
(though not sufficient) that a number W exist, such that 


1 
ata <s 
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for all values of x in the interval (0, 1), or, what amounts to the 
same thing, that 


1 el 
Lert eke ee 


Whatever be the values of NV and «, there always exist, however, 
positive values of « which do not satisfy this inequality, since the 
right-hand side is greater than unity. 

Again, consider the series defined by the equations 


Sie) See on BS) = 10) StS pete re ae 


The sum of the first » terms of this series is evidently S, (x), which 
approaches zero as ” increases indefinitely. The series is therefore 
convergent, and the remainder R,,(x) is equal to — nxe~"”. In order 
that the series should be uniformly convergent in the interval (0, 1), 
it would be necessary and sufficient that, corresponding to any arbi- 
trarily preassigned positive number ¢, a positive integer NV exist such 
that for all values of n> N 


Eee ce gy Olea alee 


But, if x be replaced by 1/n, the left-hand side of this inequality is 
equal to e~'/", which is greater than 1/e whenever » >1. Since e 
may be chosen less than 1/e, it follows that the given series is not 
uniformly convergent. 

The importance of uniformly convergent series rests upon the 
following property: 


The sum of a series whose terms are continuous functions of a 
variable x in an interval (a, b) and which converges uniformly in that 
interval, is itself a continuous function of x in the same interval. 


Let x» be a value of x between a and 8, and let 2) + h@ be a value 
in the neighborhood of x) which also les between a and b. Let n 
be chosen so large that the remainder 


R,(ey= Un 41 (2) + Uns (®) + ->- 


is less than ¢/3 in absolute value for all values of zx in the interval 
(a, 6), where ¢ is an arbitrarily preassigned positive number. Let f(x) 
be the sum of the given convergent series. Then we may write 


S@)= b(@) + B,(@), 


where (a) denotes the sum of the first » +1 terms, 


f(x) = Uy (x) + uy (@)+ +--+ u, (2). 
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Subtracting the two equalities 
S(®o) = $(%) + Bn (Xp), 


S (Go + 2) = (a + A) + R,(% +h), 
we find 


So + h) — F(@o) =[ bo + 2) — $(%o) + Rn(% + h) — R,(&)- 


The number 7 was so chosen that we have 
|Bn(@)|<q — [Ba(@ + 4)|< 5 


On the other hand, since each of the terms of the series is a continu- 
ous function of x, $(x) is itself a continuous function of « Hence 
a positive number 7 may be found such that 


(eo +h) — $()|< 5 


whenever || is less than y. It follows that we shall have, a fortiori, 


Jeo + h) — fle) <3 5 


whenever |/| is less than y. This shows that /(x) is continuous 
OIE GE = Bier 


Note. It would seem at first very difficult to determine whether 
or not a given series is uniformly convergent in a given interval. 
The following theorem enables us to show in, many cases that a 
given series converges uniformly. 


Let 

(36) Up (XL) + Uy (@) + +++ + Uy (L) + -:- 
be a series each of whose terms is a continuous function of x in an 
interval (a, 6), and Jet 

(37) Mure, occ Mk 
be a convergent series whose terms are positive constants. Then, 
if |u,| <M, for all values of x in the interval (a,b) and for all 


values of n, the first series (36) converges uniformly in the interval 
considered. 


For it is evident that we shall have 


ona Upp |S ee pre, gee 
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for all values of 2 between a and d. If N be chosen so large that 
the remainder R, of the second series is less than « for all values 
of m greater than N, we shall also have 


[es ep peg | eS 


whenever n is greater than N, for all values of x in the interval (a, 6). 
For example, the series 


M,+ M, sinw + M, sin 2a +---+ M,sinnax+---, 


where M,, M,, M,, --- have the same meaning as above, converges 
uniformly in any interval whatever. 


174. Integration and differentiation of series. 


Any series of continuous functions which converges uniformly in an 
interval (a, b) may be integrated term by term, provided the limits of 
integration are finite and lie in the interval (a, b). 


Let a) and x, be any two values of x which lie between a and 8, 
and let N be a positive integer such that | R,(x)|< e for all values 
of x in the interval (a,b) whenever n2.N. Let f(x) be the sum of 
the series 


S(@) = Uo (@) + Uy (@) + ++» + U,(L) +++, 
and let us set 
d= f Heyde— uode — f made fl ude = f Taygke 
Ly xy Xo j X Xo 


The absolute value of D, is less than e|2, —2)| whenever n2N. 
Hence D, approaches zero as n increases indefinitely, and we have 
the equation 


Heyae = Up (x) dx +f mode tent f U, (aw) da +--+. 


0 0 


Considering 2) as fixed and a, as variable, we obtain a series 


ah w(t) de ++ f u(a)de + 


which converges uniformly in the interval (a, 6) and represents a 
continuous function whose derivative is f(a). 
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Conversely, any convergent series may be differentiated term by term 
of the resulting series converges uniformly.* 

For, let 
S(®) = to (2) + tty (8) oe + ty) Hoe 


be a series which converges in the interval (a,b). Let us suppose 
that the series whose terms are the derivatives of the terms of the 
given series, respectively, converges uniformly in the same interval, 
and let ¢(x) denote the sum of the new series 


Integrating this series term by term between two limits a, and gz, 
each of which lies between a and 6, we find 


J 4 @) de = [uo @) — vo] + en (2) — + 


or 
ff e@)ae =f) — fe). 
This shows that $(«) is the derivative of f(x). 
Examples. 1) The integral 
iP = dx 


cannot.be expressed by means of a finite number of elementary 
functions. Let us write it as follows: 


f Sara f+ [Pde =t0ge+ f rae, 
x x ay 2 


The last integral may be developed in a series which holds for all 
values of x. For we have 


e —1 = x ont 

re en eee eee IL. 
emai ey ee Te a 

and this series converges uniformly in the interval from — RF to + #, 

no matter how large R be taken, since the absolute value of any 


* It is assumed in the proof also that each term of the new series is a continuous 
function. The theorem is true, however, in general. — TRANS. 
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term of the series is less than the corresponding term of the con- 
vergent series 


R71 
er a ee 
It follows that the series obtained by term-by-term integration 
he ares i so 
FG) lee te aco ey 3 


converges for any value of x and represents a function whose deriva- 
tive is (& —1)/a. 


2) The perimeter of an ellipse whose major axis is 2a and whose eccentricity 
is e is equal, by § 112, to the definite integral 


S =4a [> VI @sin?9 dg. 
0 


The product e?sin? ¢ lies between 0 and e?(<1). Hence the radical is equal to the 
sum of the series given by the binomial theorem 


1 it 
V1— e%sin?¢ = 1 — — e? sin?¢ — —— etsintgd —--- 
. 2 ? 2.4 iy 


= SO ii 2) as ening —teleiele 
2.4.6---2n 
The series on the right converges uniformly, for the absolute value of each of 
its terms is less than the corresponding term of the convergent series obtained 
by setting sing =1. Hence the series may be integrated term by term; and 
since, by § 116, 
Tv 
ff 2sin gag = © 3.5- aeeee ye 
0 2.4.6---2n 2 


we shall have 


J Vix ean ap = Fh es et 2 e& 
0 2 4 


64° ~ 256 
eee sy of) 
ans ng 
[ 2.4.63 Jeu hae 


If the eccentricity e is small, a very good approximation to the exact value of the 
integral is obtained by computing a few terms. 
Similarly, we may develop the integral 


b> 
Jf V1— e sin? 6 dd 
in a series for any value of the upper limit ¢. 


Finally, the development of Legendre’s complete integral of the first kind 
leads to the formula 


9 1.8.6--.(2n—1)92 
1+ 1 is et euete [ | 2n ahers 
(a =F gg tee hil capt ae ako aa ae . 
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The definition of uniform convergence may be extended to series 
whose terms are functions of several independent variables. For 
example, let 


Ug (@, Y) + Uy (BY) +o + U,(@ Y) +> 


be a series whose terms are functions of two independent variables x 
and y, and let us suppose that this series converges whenever the 
point (a, y) lies in a region R bounded by a closed contour C. 
The series is said to be wniformly convergent in the region R if, 
corresponding to every positive number e¢, an integer NV can be found 
such that the absolute value of the remainder R, is less than « 
whenever m is equal to or greater than N, for every point (a, y) 
inside the contour C. It can be shown as above that the sum of 
such a series is a continuous function of the two variables x and 
y in this region, provided the terms of the series are all continu- 
ous in R. 

The theorem on term-by-term integration also may be generalized. 
If each of the terms of the series is continuous in R and if f(a, y) 
denotes the sum of the series, we shall have 


Jf [renacdy = ff ule aedy + ff rn(e yaedy + 
+f [r@adedy +, 


where each of the double integrals is extended over the whole inte- 
rior of any contour inside of the region R. 

Again, let us consider a double series whose elements are functions 
of one or more variables and which converges absolutely for all sets 
of values of those variables inside of a certain domain D. Let the 
elements of the series be arranged in the ordinary rectangular array, 
and let R, denote the sum of the double series outside any closed 
curve C drawn in the plane of the array. Then the given double 
series is said to converge uniformly in the domain D if correspond- 
ing to any preassigned number e¢, a closed curve K, not dependent 
on the values of the variables, can be drawn such that |R,|<« for 
any curve C whatever lying outside of K and for any set of values 
of the variables inside the domain D. 

It is evident that the preceding definitions and theorems may be 
extended without difficulty to a multiple series of any order whose 
elements are functions of any number of variables. 
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Note. If a series does not converge uniformly, it is not always allowable to 
integrate it term by term. For example, let us set 
Sy (at) = nave“, So(w)=0, Un(z)=Sn—Sp-1. n=], 2,---. 
The series whose general term is u, (x) converges, and its sum is zero, since S,, (z) 
approaches zero as n becomes infinite. Hence we may write 
S(&) = 0 = uy (&) + Ua (@) + +++ + Um) +---, 


whence ifs J(z)dx =0. On the other hand, if we integrate the series term by 
term between the limits zero and unity, we obtain a new series for which the 
sum of the first n terms is 


16 a e-ne’ql 1 2a 
=-— |—] = - — ec 

if Ales [ 2 i; 2 ( ys 

which approaches 1/2 as its limit as m becomes infinite. 


175. Application to differentiation under the integral sign. The proof 
of the formula for differentiation under the integral sign given in 
§ 97 is based essentially upon the supposition that the limits 2 
and X are finite. If X is infinite, the formula does not always hold. 
Let us consider, for example, the integral 


+0 - 
F(a) = de. > a > 0, 
x 
0 


This integral does not depend on a, for if we make the substitu- 
tion y = ax it becomes 


+0 . 
sin 
F(a) =|) dy 
0 ¥ 


If we tried to apply the ordinary formula for differentiation to F(a), 
we should find 


+00 
F'(a) =f cos ax dx 
0 


This is surely incorrect, for the left-hand side is zero, while the 
right-hand side has no definite value. 

Sufficient conditions may be found for the application of the 
ordinary formula for differentiation, even when one of the limits 
is infinite, by connecting the subject with the study of series. Let 
us first consider the integral 


[- s@x, 


0 


which we shall suppose to have a determinate value (§ 90). Let 
1, Qz)***, Gy: be an infinite increasing sequence of numbers, all 
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greater than a), where a, becomes infinite with n. If we set 


Sef ‘flayde, =f Aa)ae, Sh Oia eas, see, 


the series 
Uj + Ui, + Ug+-:-+U,4+-:: 


converges and its sum is is ** f(x) dx, for the sum S, of the first n terms 
is equal to il S(&) dx. 

It should’ be noticed that the converse is not always true. 
If, for example, we set 


Jie) = CO8@, ) Oy 0, Ty | as, =n, 5 


(n+1)3r 
U, =| cos x dx = 0. 
nN 


7 


we shall have 


Hence the series converges, whereas the integral ff’ cos x da ap- 
proaches no limit whatever as / becomes infinite. 

Now let f(x, a) be a function of the two variables x and a which 
is continuous whenever x is equal to or greater than a) and a lies 
in an interval (a, a,). If the integral i Te a)dx approaches a 
limit as Z becomes infinite, for any value of a, that limit is a 
function of a, 

+o 
F(a) =, S(@, «)dzx, 
% 
which may be replaced, as we have just shown, by the sum of a 
convergent series whose terms are continuous functions of a: 


F(a) = U,(a) + Ui (a) +e) $U,(a@) e+ 


U, (a) =) f\t a) da, U, (a) =i “ft a)dz, 


This function F(a) is continuous whenever the series converges uni- 
formly. By analogy we shall say that the integral [, we S (a, a) da 
converges uniformly in the interval (a, @,) if, corresponding to any 
preassigned positive quantity «, a number N independent of a can 
be found such that ie fee a) ds| < e« whenever /2 N, for any value 
of a which lies in the interval (a, a,).* If the integral converges 


* See W, F. Oscoop, Annals of Mathematics, 2d series, Vol. III (1902), p. 129. — 
TRANS, 
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uniformly, the series will also. For if a, be taken greater than N, 


we shall have 
+a 
if S(«, a) da 


hence the function F(@) is continuous in this case throughout the 
interval (a, @). ) 

Let us now suppose that the derivative @f/éa is a continuous 
function of « and a when w2=a, and aySaay, that the integral 


tose 
Hf a oe 


0 


|R,| = <le5 


has a finite value for every value of @ in the interval (a, a), and 
that the integral converges uniformly in that interval. The integral 
in question may be replaced by the sum of the series 


PO 
aa tt = Vole) Via) eV (2) 


where 


« ae ie tO de 
r= fi Aa 0 WO Ds r= fe aw? 


The new series converges uniformly, and its terms are equal to the 
corresponding terms of the preceding series. Hence, by the theorem 
proved above for the differentiation of series, we may write 


+o 
F'(a) =\ cL ae, 


In other words, the formula for differentiation under the integral sign 
still holds, provided that the integral on the right converges uniformly. 

The formula for integration under the integral sign (§ 123) also 
may be extended to the case in which one of the limits becomes 
infinite. Let f(«, ~) be a continuous function of the two variables 
xand a, forx2a),aSaSa,. If the integral {OOK a) dx is uni- 
formly convergent in the interval (a, a), we shall have 


(A) if es it fa ee ip ie i yee de. 


To prove this, let us first select a number J > a); then we shall 
have 


(B) if ee tl ee if oe i Foes 
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As J increases indefinitely the right-hand side of this equation 
approaches the double integral 


ay + 
ib da { f(x, a) de, 


0 


for the difference between these two double integrals is equal to 


i =e al, Sait 


Suppose N chosen so large that the absolute value of the integral 
ee, a)da is less than e whenever / is greater than N, for any 
value of a@ in the interval (a), a). Then the absolute value of the 
difference in question will be less than e|a, — a |, and therefore it 
will approach zero as / increases indefinitely. Hence the left-hand 
side of the equation (B) also approaches a limit as 7 becomes infi- 
nite, and this limit is represented by the symbol 


+0 24, 
if dx J S(a, a)da. 
% 1) 


This gives the formula (A) which was to be proved.* 
176. Examples. 1) Let us return to the integral of § 91: 


F(a) = Sia ,, Sin x 


where @ is positive. The integral 


+0 A 
~f e-4* sin x da, 
0 


* The formula for differentiation may be deduced easily from the formula (A). For, 
suppose that the two functions f(x, @) and fy (x, &) are continuous for a<a<ay, 
x= do; that the two integrals (a) = ie + (a, a) dx and ®(qv) = Ip eee (x, @) dx have 
finite values; and that the latter conver ges uniformly in the interval (@, @). From 
the formula (A), if @ lies in the interval (a, @ ), we have 


a +a +20 a 
if au { Su (2s wdx= f dhe i fulet, u) ae, 
a % a a 


where for distinctness a has been replaced by wu under the integral sign. But this 
formula may be written in the form 


[ew au= "He, eae — f *° ely &o) de = F(a) — Fla), 


whence, taking the derivative of each side with respect to a, we find 
F’ (a) = (a). 
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obtained by differentiating under the integral sign with respect to a, converges 
uniformly for all values of a greater than an arbitrary positive number k. For 
we have 


+a : 
bf e- % gin x dx 


+0 1 
<p e-# dz = —e-al, 
1 U a 


and hence the absolute value of the integral on the left will be less than e for all 
values of a greater than k, if 1 > N, where N is chosen so large that ke’ > 1/e 
It follows that 


+0 
TA (0) — -f e— 4 sin a da. 
0 


The indefinite integral was calculated in § 119 and gives 


e-2=(cosx + asing)]+? —1 


she Cli [ 1+ a 0 = 1+ a2” 


whence we find 

F(a) = C — arc tana, 
and the constant C may be determined by noting that the definite integral F(a) 
approaches zero as a becomes infinite. Hence C = 2/2, and we finally find the 
formula 


+0 : 
(38) af e-an 102 gy = arctan. 
I x a 


This formula is established only for positive values of a, but we saw in § 91 that 
the left-hand side is the sum of an alternating series whose remainder R, is always 
less than 1/n. Hence the series converges uniformly, and the integral is a con- 
tinuous function of a, even for a=0. As @ approaches zero we shall have in 
the limit 


pe sin © 
39 : Co = 
{% 


2) If in the formula 
+0 
f “de = va 
0 2 


wla 


of § 134 we set x = y Va, where a is positive, we find 
+0 
(40) af e- a dy = ue a7}, 
0 


and it is easy to show that all the integrals derived from this one by successive 
differentiations with respect to the parameter @ converge uniformly, provided 
that a is always greater than a certain positive constant k. From the preceding 
formula we may deduce the values of a whole series of integrals; 


+0 
i yp ev avtdy = VE g-, 
0 92 


pace 583 
— 2 oe _- 
(41) ' y* e- 4 dy = Vra-i, 


Set oo As ; = 
Hee eae — 
i y2” e- ay? dy e, S355 (2n 1) i. ant) 
0 Qn+1 
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By combining these an infinite number of other integrals may be evaluated. 
We have, for example, 


be! —ay2 4 a 2By 2 
if: e~ 2" cos 2By dy = ioe e- ral 1 CPN" a De I 


+0 2 
LY Oe e- 2” dy — e- ay (28y)? dy +... 
F 1.2 


+0 
a 2By)?” 
+(—1) oop CRUE eee 
( al 1.2---2n fa 


All the integrals on the right have been evaluated above, and we find 


ACE (26)2 ME Cel 
GEN ae 12 8 

(26)2" Vw 1.8.5---(2n— 1) 
£2.8-5. on, 2 Qn RN 


+2 
As e- 4” cos 2By dy = 
0 


+(-1)* 


or, simplifying, 


Q +20 1 B2 
(42) f bey con 26y dy AE ene 
0 2 Na 


EXERCISES 
1. Derive the formula 


1 dv Se 8S 
—_—_—. — [z" (1 n) =1+4 S, log == (1 Dee vee tire = ee 
Ey gyn lt" 08 2)"] = 14 Srloge + =* (loge)? +--+ + ——*— (loga), 


where S, denotes the sum of the products of the first n natural numbers taken p 


at a time. Patenerar 
[Start with the formula 


a a 4 SUES" | 


me —orl1+ alo Ay 
ans ee 1.2---n 


and differentiate n times with respect to 2.] 


2. Calculate the value of the definite integral 


+o 
1—e-” 
i - dz 
P x 


by means of the formula for differentiation under the integral sign. 


3. Derive the formula 


{First show that dI/da = — 2I.] 
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4. Derive the formula 


+c 
Ss atoaehez 

e 4 — = Vmrene 
0 Va 


by making use of the preceding exercise. 


5. From the relation 
+00 
i; ae- 4% da 
0 


derive the formule 
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CHAPTER IX 


POWER SERIES TRIGONOMETRIC SERIES 


In this chapter we shall study two particularly important classes 
of series— power series and trigonometric series. Although we shall 
speak of real variables only, the arguments used in the study of 
power series are applicable without change to the case where the 
variables are complex quantities, by simply substituting the expres- 
sion modulus or absolute value (of a complex variable) for the expres- 
sion absolute value (of a real variable).* 


I. POWER SERIES OF A SINGLE VARIABLE 


177. Interval of convergence. Let us first consider a series of the form 
(1) Ay + A,X + A,X? 4---+ A, X™4>---, 


where the coefficients A), A,, 42, --- are all positive, and where 
the independent variable X is assigned only positive values. It is 
evident that each of the terms increases with X. Hence, if the 
series converges for any particular value of X, say X,, it converges 
a fortiori for any value of X less than X,. Conversely, if the series 
diverges for the value X,, it surely diverges for any value of X 
greater than X,. We shall distinguish the following cases. 

1) The series (1) may converge for any value of X whatever. 
Such is the case, for example, for the series 


x Xe XG 


2) The series (1) may diverge for any value of X except X = 0 
The following series, for example, has this property: 
14+ X41.2X?4.---41.2.3---nx*+.-.. 


3) Finally, let us suppose that the series converges for certain 
values of X and diverges for other values. Let X, be a value of X 
for which it converges, and let X, be a value for which it diverges. 


* See Vol. II, §§ 266-275. — TRANS. 
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From the remark made above, it follows that X, is less than X,. The 
series converges if X < X,, and it diverges if X > X,. The only 
uncertainty is about the values of X between X, and X,. But all 
the values of X for which the series converges are less than X,, and 
hence they have an upper limit, which we shall call R. Since all the 
values of X for which the series diverges are greater than any value 
of X for which it converges, the number RF is also the lower limit of 
the values of X for which the series diverges. Hence the series (1) 
diverges for all values of X greater than R, and converges for all values 
of X less than R. It may either converge or diverge when X = R. 
For example, the series 


1+ X% + X? 4... 4+ X* 4+... 


converges if X <1, and diverges if X21. In this case R =1. 
' This third case may be said to include the other two by suppos- 
ing that R may be zero or may become infinite. 

Let us now consider a power series, i.e. a series of the form 


(2) Oy + ae + agen? 4---+ 4,0" +--+, 


where the coefficients a, and the variable x may have any real values 
whatever. From now on we shall set 4; =|a;|, X =|z|. Then the 
series (1) is the series of absolute values of the terms of the series (2). 
Let R be the number defined above for the series (1). Then the 
series (2) evidently converges absolutely for any value of x between 
— R and + R, by the very definition of the number R. It remains 
to be shown that the series (2) diverges for any value of x whose 
absolute value exceeds R. This follows immediately from a funda- 
mental theorem due to Abel: * 


If the series (2) converges for any particular value 2, it converges 
absolutely for any values of x whose absolute value is less than |xo|. 


In order to prove this theorem, let us suppose that the series (2) 
converges for x = x, and let M be a positive number greater than 
the absolute value of any term of the series for that value of z. 
Then we shall have, for any value of n, 


A,|%|" <M, 
and we may write 


A,X" = A,\et() <M 
| xo| 


* Recherche sur la série 1+ ae + 
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It follows that the series (1) converges whenever X <|a |, which 
proves the theorem. 

In other words, if the series (2) converges for 2 = a9, the series (1) 
of absolute values converges whenever X is less than ||. Hence 
|a| cannot exceed R, for R was supposed to be the upper limit of 
the values of X for which the series (1) converges. 

To sum up, given a power series (2) whose coefficients may have 
either sign, there exists a positive number R which has the follow- 
ing properties: The series (2) converges absolutely for any value of x 
between — R and + R, and diverges for any value of x whose absolute 
value exceeds R. The interval (— R, + R) is called the interval of 
convergence. This interval extends from — to +o in the case in 
which FR is conceived to have become infinite, and reduces to the 
origin if R=0O. The latter case will be neglected in what follows. 

The preceding demonstration gives us no information about what 
happens when « = R orx=—R. ‘The series (2) may be absolutely 
convergent, simply convergent, or divergent. For example, R=1 
for each of the three series 

hae gg + xr%4e-- far pe-s, 

ie foe 

1+; Di tig = ah gars sist 27 
x 
12 
for the ratio of any term to the preceding approaches x as its limit 
in each case. The first series diverges for «= +1. The second 
series diverges for x =1, and converges for « = —1. The third con- 
verges absolutely for «= +1. 


2 nr 
Gee ie a 


Note. The statement of Abel’s theorem may be made more general, 
for it is sufficient for the argument that the absolute value of any 
term of the series 

&y + A,X + s+» fa,a +: 
be less than a fixed number. Whenever this condition is satisfied, 
the series (2) converges absolutely for any value of x whose absolute 
value is less than ||. 


The number R is connected in a very simple way with the number w defined 
in § 160, which is the greatest limit of the sequence 


A, VAz, VAs, | V An, 
For if we consider the analogous sequence 


Aen Ae aN Ag ®, Madi nw) dg X®, 2s, 
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it is evident that the greatest limit of the terms of the new sequence iswX. The 
sequence (1) therefore converges if X <1/w, and diverges if X > 1/w; hence 
Fe Wars 


178. Continuity of a power series. Let f(x) be the sum of a power 
series which converges in the interval from — R to + R, 


(3) fa) = M+ e+ Fae to~, 
and let R' be a positive number less than R. We shall first show 
that the series (3) converges uniformly in the interval from — R' 
to +R'. For, if the absolute value of « is less than R’, the 
remainder &,, 

ie = Cana oe + Shale -+ Gee ne + nase 
of the series (3) is less in absolute value than the remainder 
BA Ec aL Augie ?® aie Sas 


of the corresponding series (1). But the series (1) converges for 
X = R', since R'< R. Consequently a number N may be found 
such that the latter remainder will be less than any preassigned 
positive number « whenever n2N. Hence|R,|<e whenever n2 N 
provided that |a|< R’. 

It follows that the sum f(a) of the given series is a continuous 
function of « for all values of x between —Rand+R. For, let x, - 
be any number whose absolute value is less than R. It is evident 
that a number R! may be found which is less than R and greater 
than |#|. Then the series converges uniformly in the interval 
(— R', + R'), as we have just seen, and hence the sum f(x) of the 
series is continuous for the value x, since x, belongs to the interval 
in question. 

This proof does not apply to the end points + R and — R of the 
interval of convergence. The function f(x) remains continuous, 
however, provided that the series converges for those values. 
Indeed, Abel showed that ¢ the series (3) converges for x = R, its 
sum for x = Ris the limit which the sum f(x) of the series approaches 
as x approaches R through values less than R.t 

Let S be the sum of the convergent series 


S=a,+aR+a,R?+---+a,R"4+--., 


* This theorem was proved by Cauchy in his Cours d’ Analyse. It was rediscovered 
by Hadamard in his thesis. 

+ As stated above, these theorems can be immediately generalized to the case of 
series‘of imaginary terms. In this case, however, care is necessary in formulating 
the generalization. See Vol. II, § 266.— Trans. 
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and let » be a positive integer such that any one of the sums 
1 ORIN A eK Can 
+1 
Geepyaee Iss Oe” TPS 


_is less than a preassigned positive number «. If we set « = RO, and 
then let @ increase from 0 to 1, « will increase from 0 to R, and we 
shall have 


S() = f(OR) = % +4, 0R + a,0°7R? +--+. + a,0°R"+--., 
If n be chosen as above, we may write 
S—f(@)=%4R1— 0)+ a, R?A— 6) +.---+ a,R"(1— 6") 
(4) BP age Ys ha PE ay. 


(ys raviy Oyo ok Mel a n+p pnt+p 
19 R . Cie? R Pose 


a Ok 
and the absolute value of the sum of the series in the second line can- 
not exceed «. On the other hand, the numbers 6"+1, 6"+?, ..., @r+ 
form a decreasing sequence. Hence, by Abel’s lemma proved in § 75, 


we shall have 
hee io Tee + ae. ate I Ue ERLE <a Ort1e <a ( 


It follows that the absolute value of the sum of the series in the 
third line cannot exceed «. Finally, the first line of the right-hand 
side of the equation (4) is a polynomial of degree » in 6 which 
vanishes when 6=1. Therefore another positive number 7 may be 
found such that the absolute value of this polynomial is less than 
whenever 6 lies between 1— y and unity. Hence for all such values 
of 6 we shall have 
|S — f(a)|<de. 

But ¢ is an arbitrarily preassigned positive number. Hence f(x) 
approaches S as its limit as x approaches R. 

In a similar manner it may be shown that if the series (3) con- 
verges for « = — R, the sum of the series for x = — R is equal to 
the limit which J(«), approaches as x approaches — R through values 
greater than — R. Indeed, if we replace x by — a, this case reduces 
to the preceding. 


An application. This theorem enables us to complete the results of § 168 
regarding the multiplication of series. Let 

(8) . S =U t+ uit vet-->+Unt:::, 

(6) SO = Vo = 01 4 2 2 Op 


be two convergent series, neither of which converges absolutely. The series 


(7) Ug Vo + (UoV1 + U1V0) + +++ + (Mom + +++ + Uno) +-°> 
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may converge or diverge. If it converges, its sum = is equal to the product of 
the sums of the two given series, i.e. 2 = SS’. For, let us consider the three 
power series 


S(t) = Uo + UE + ve + Un +e, 


P(X) = Vy + UG + 22+ + Na tees, 
Y(&) = Up Vo + (UoV1 + U1V0)@ + +++ + (Uon + o++ + Un Vo) a” + 


Each of these series converges, by hypothesis, when =1. Hence each of them 
converges absolutely for any value of « between —1 and +1. For any such 
value of x Cauchy’s theorem regarding the multiplication of series applies and 
gives us the equation 


(8) S (2) O(a) = ¥(@). 


By Abel’s theorem, as x approaches unity the three functions f(z), ¢(x), y(x) 
approach S, S’, and %, respectively. Since the two sides of the equation (8) 
meanwhile remain equal, we shall have, in the limit, 2 = SS’. 

The theorem remains true for series whose terms are imaginary, and the proof 
follows precisely the same lines. 


179. Successive derivatives of a power series. If a power series 
S(@) = My + 1% + Agu" + +--+ 4,2" + >>: 


which converges in the interval (— R, + R) be differentiated term 
by term, the resulting power series 


(9) a, + 2a,e4+---+ na, x71 +.--- 


converges in the same interval. In order to prove this, it will be 
sufficient to show that the series of absolute values of the terms of 
the new series, 

Avct DAG Xtina eX olde 


where A,=|a,| and X = |x|, converges for X< RF and diverges for 
NOS Ii 
For the first part let us suppose that X < R, and let R' be a num- 
ber between X and Rk, X<R'<R. Then the auxiliary series 
1 744 3 /(X x 
atppta(s) te DS ing a (zy 
converges, for the ratio of any: term to the preceding approaches 


X/R', which is less than unity. Multiplying the successive terms 
of this series, respectively, by the factors 


A,R', A; Ri); 3055 Are teey 
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each of which is less than a certain fixed number, since R'< R, we 
obtain a new series 


Ay +2A,X +--+. +A, X"-1 4... 


which also evidently converges. 
The proof of the second part is similar to the above. If the series 


Ay ae 2A,X, AF ak 9 at WARN Se ae | 
where X, is greater than R, were convergent, the series 
A,X,+ 24,X7+---+nA, XT +--- 


would converge also, and consequently the series ‘Sax would con- 
verge, since each of its terms is less than the corresponding term of 
the preceding series. Then R would not be the upper limit of the 
values of X for which the series (1) converges. 

The sum f, (x) of the series (9) is therefore a continuous function 
of the variable x inside the same interval. Since this series con- 
verges uniformly in any interval (— R', + R'), where R'< R, f,(a) 
is the derivative of f(x) throughout such an interval, by § 174. 
Since R' may be chosen as near R as we please, we may assert that 
the function f(x) possesses a derivative for any value of x between 
—Rand + R, and that that derivative is represented by the series 
obtained by differentiating the given series term by term :* 


(10) S\(@) = a, + 2a,u% +---+ na,a"-1+---, 
_ Repeating the above reasoning for the series (10), we see that f(x) 
has a second derivative, 
I" (a) = 2a, + Gagx +---+ n(n —1)a,a"-? +.-.-., 
and so forth. The function f(x) possesses an unlimited sequence of 
derivatives for any value of x inside the interval (— R, + R), and 
these derivatives are represented by the series obtained by differen- 
tiating the given series successively term by term: 
(11) f(x) =1.2.--na,+2.3---n(n+1)a,,,0+:---. 
If we set x = 0 in these formule, we find 


a =f0), u=f'0), 4=tO, 


or, in general, 


Ct Beye epg ee 


us nN 


hike (0) 
122 


* Although the corresponding theorem is true for series of imaginary terms, the 
proof follows somewhat different lines. See Vol. Il, § 266.— Trans. 
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The development of f(x) thus obtained is identical with the develop- 
ment given by Maclaurin’s formula: 


FQ) = FO) tar a O) +75 = £0) + Susp ree md re: 


The coefficients a, a, ---, @, °:: are equal, except for certain 
numerical factors, to the values of the function f(x) and its succes- 
sive derivatives fora =0. It follows that no function can have two 
distinct developments in power series. 

Similarly, if a power series be integrated term by term, a new 
power series is obtained which has an arbitrary constant term and 
which converges in the same interval as the given series, the given 
series being the derivative of the new series. If we integrate again, 
we obtain a third series whose first two terms are arbitrary; and so 
forth. 


Examples. 1) The geometrical progression 
1—2x +a? — x? +.---+(—1)"2"4+---, 


whose ratio is — x, converges for every value of x between —1 and 
+1, and its sum is1/(1+ x). Integrating it term by term between 
the limits 0 and x, where |x|<1, we obtain again the development 
of log(1 + x) found in § 49: 


Gp aS age 
ea os ee aan 


This formula holds also for « =1, for the series on the right con- 
verges when x =1. 


2) For any value of « between —1 and +1 we may write 


il 
Thats ges 


Se tes iat ol ae ee 


Integrating this series term by term between the limits 0 and 2, 
where |a| <1, we find 


are tana = 


Ae? G5? x 
<5 ee a aes: 
Since the new series converges for x =1, it follows that 


eee let et 
Fem ee Te ee ALi iG oy Brug nt 
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3) Let F(a) be the sum of the convergent series 
m m(m—1) , 


m(m —1)--.(m =p), 

F — Ss Naat Se Sa) 

ee) Re Na Teo orp 

where m is any number whatever and |x|<1. Then we shall have 
1 ae =2) 

Let us multiply each side by a x) and then collect the terms in 

like powers of w. Using the identity 


(m— ae -(m— Paes (i =. ue _ mn — De (GH p+) 
(p=) 1.2-.-p 12s 


which is easily verified, we find the formula 


+2) r@)=m[ 1422+ MOD » See 


iE a ea apt +..] 


12 eee p 
or 
(1+ x) F"(@) = mF (x). 
From this result we find, successively, 
Fila) _ m 
F(a) in ores + x 
log [ F(a) ] = m log (1+ x) + log C, 

or 


Ha) = CL a) 
To determine the constant C we need merely notice that F(0) =1. 
Hence C=1. This gives the development of (1+ x)” found in § 50: 
m(m —1)---(m—p +1) 
ay 
4) Replacing x by — x? and m by —1/2 in the last formula above, 
we find 


1 - ae Neg Siok san) es 

Spo eo 2.4.6--. 2n se 
This formula holds for any value of x between —1 and +1. Inte- 
grating both sides between the limits 0 and x, where |x|<1, we 
obtain the following development for the arcsine: 


linger alt, ofa Idzoswe(2n —1) a *) 


aresinz=7+5 5 pen a RORIG Ona Qn i 


eePt.-., 


(4+ayrait tate + 


foes, 
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180. Extension of Taylor’s series. Let f(x) be the sum of a power 
series which converges in the interval (— R, + R), x) a point inside 
that interval, and 2+ another point of the same interval such 
that |x)|+|2|< &. The series whose sum is f(% +), 


ay + ay (Xo oh h) ar Ae (2p te h)? qm eoo se An (Ho ae h)” ar 


may be replaced by the double series obtained by developing each 
of the powers of (a +) and writing the terms in the same power 
of 4 upon the same line: 


hy + Ay % + ayae f---+ Oe +... 
+ ah + 2ag%h tee + n G,0, hoe 
12 Ank 
oe + ah? $+ + 2G—D = diy th-? 1h? + 
Cds en ack He shee ye Senne aes 


This double series converges absolutely. For if each of its terms 
be replaced by its absolute value, a new double series of positive 
terms is obtained : 


Ay + Ay|%|+ Ag|a[? +---+ A,|%o|" oa 
+A,|h |+2A,]a| lA] +---+ n A,,|%|"""|2| ae 5u 


ar Ag|h ? =r + MOLD 4, [aot Ap 


(13) 


If we add the elements in any one column, we obtain a series 
Ay + A,[|%| + |2|]+--- + 4,[|%0] +14] J? + 


which converges, since we have supposed that |a)|+|2|<R. Hence 
the array (12) may be summed by rows or by columns. Taking 
the sums of the columns, we obtain f(#)+). Taking the sums 
of the rows, the resulting series is arranged according to powers of 
h, and the coefficients of h, h?,--- are f(a), f"(a)/2!, «++, respec- 
tively. Hence we may write 


(14) f(% + h) = f(%) + me ) ab Fo eed te) ee 


if we assume that |h| << R — |a,|. 

This formula surely holds inside the interval from a, — R + |ap| 
to a +R —|a |, but it may happen that the series on the right 
converges in a larger interval. As an example consider the function 
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(1+ x)", where m is not a positive integer. The development 
according to powers of x holds for all values of « between —1 and 
+1. Let x be a value of x which lies in that interval. Then we 
may write 


(1+ x)" = (1+ % +2 —a)™=(1+ Xo)" (1+ 2)", 
where 
Sa 


Pe Ts dee 


We may now develop (1+ 2)” according to powers of z, and this 
new development will hold whenever |z|< 1, i.e. for all values of x 
between —1l and 1+ 2a. If x is positive, the new interval will be 
larger than the former interval (—1,+1). Hence the new formula 
enables us to calculate the values of the function for values of the 
variable which le outside the original interval. Further investiga- 
tion of this remark leads to an extremely important notion, — that 
of analytic extension. We shall consider this subject in the second 
volume. 


Note. It is evident that the theorems proved for series arranged 
according to positive powers of a variable x may be extended immedi- 
ately to series arranged according to positive powers of x — a, or, 
more generally still, to series arranged according to positive powers 
of any continuous function ¢(x) whatever. We need only consider 
them as composite functions, ¢(#) being the auxiliary function. 
Thus a series arranged according to positive powers of 1/zx con- 
verges for all values of x which exceed a certain positive constant in 
absolute value, and it represents a continuous function of «x for all 
such values of the variable. The function Vz? — a, for example, may 
be written in the form + #(1— a fx). The expression (1 — a /x%)* 
may be developed according to powers of 1/zx? for all values of x 
which exceed Va in absolute value. This gives the formula 


la ae Wi2. 0°: (2p 3) 0® 
V a? — = ——_ 
oe a rie & 


Se Sees Seo aT: Sapstehs 


which constitutes a valid development of V «? — a whenever x > Va. 
When x < — Va, the same series converges and represents the func 
tion — Va?— a. This formula may be used advantageously to obtain 
a development for the square root of an integer whenever the first 
perfect square which exceeds that integer is known. 
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181. Dominant functions. The theorems proved above establish a 
close analogy between polynomials and power series. Let (—7, +7) 
be the least of the intervals of convergence of several given power 
series fi (x), fo(@), -*+ fx(#). When |x|<~7, each of these series 
converges absolutely, and they may be added or multiplied together 
by the ordinary rules for polynomials. In general, any integral poly- 
nomial in f(a), fo(&), ---, f,(~) may be developed in a convergent 
power series in the same interval. 

For purposes of generalization we shall now define certain expres- 
sions which will be useful in what follows. Let f(x) be a power 
series 

F(@) = +0 + O27 +--+ 4,0" +---, 
and let $(x) be another power series with positive coefficients 
p(%) = % + aye + ay + +--+ ae” ++: 


which converges in a suitable interval. Then the function (x) is 
said to dominate* the function f(x) if each of the coefficients a, is 
greater than the absolute value of the corresponding coefficient of 


F@): 


|| <&H, || Gig 9025 |@| <a, 
Poincaré has proposed the notation 


S@) < o(@) 
to express the relation which exists between the two functions f(~) 
and (x). 

The utility of these dominant functions is based upon the fol- 
lowing fact, which is an immediate consequence of the definition. 
Let P(a, 4, ---, @,) be a polynomial in the first » +1 coefficients 
of f(x) whose coefficients are all real and positive. If the quanti- 
ties a), a, ---, a, be replaced by the corresponding coefficients of 
(x), it is clear that we shall have 


|P(a, Ay, °"", &,)|S P(e, Ay, °°" @,)is 
For instance, if the function ¢(7) dominates the function f(z), 
the series which represents [$(x)]? will dominate [/(x)]?, and so 
on. In general, [¢(x)]” will dominate [/(x)]". Similarly, if @ and 


, are dominant functions for f and f,, respectively, the product $¢; 
will dominate the product #f,; and so forth. 


*This expression will be used as a translation of the phrase ‘“ (a) est majorante 
pour la fonction /(«).’’? Likewise, ‘‘dominant functions” will be used for “ fonctions 
majorantes.’”’ — TRANS. 
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Given a power series f(x) which converges in an interval (—R, +f), 
the problem of determining a dominant function is of course indeter- 
minate. But it is convenient in what follows to make the domi- 
aant function as simple as possible. Let 7 be any number less than 
R and arbitrarily near R. Since the given series converges for x = 7, 
the absolute value of its terms will have an upper limit, which we 
shall call 7. Then we may write, for any value of n, 


M 
PAN are <M or | | — AS 
Tr 
Hence the series 

Ma" M 

M+M- eee ee ; 

? x 

eas 

Tr 


whose general term is M(x"/r"), dominates the given function f(a). 
This is the dominant function most frequently used. If the series 
J(«) contains no constant term, the function 


may be taken as a dominant function. 

It is evident that » may be assigned any value less than R, and 
that M decreases, in general, with 7. But J can never be less than 
A,. If A, is not zero, a number p less than Rk can always be found 
such that the function A,)/(1—«/p) dominates the function f(x). 
For, let the series 


n 


x a0? x 
EM eat tee teeta, 
r r 7 


where M > Aj, be a first dominant function. If p be a number less 
than rA,/M and n 21; we shall have 


Goo = 1,7 x (5 ) <M - eC) 

whence |a@,p"|< Ay. On the other hand, |a,|= A,. Hence the series 
eee cee ae Bods ate 

dominates the function f(z). We shall make use of this fact pres- 


ently. More generally still, any number whatever which is greater 
than or equal to A, may be used in place of M. 


ee ee ee ee 
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It may be shown in a similar manner that if a, = 0, the function 


p 


1-2 
p 


—p 


is a dominant function, where p is any positive number whatever. 


Note. The knowledge of a geometrical progression which dominates the func- 
tion f(x) also enables us to estimate the error made in replacing the function 
F(x) by the sum of the first n + 1 terms of the series. If the series M/(1— /r) 
dominates f(a), it is evident that the remainder 


On UPL + Oy arte ose 

of the given series is less in absolute value than the corresponding remainder 
gn+l  gn+2 

M = BOG 
yn+ 1 yn + 2 


of the dominant series. It follows that the error in question will be less than 


To 
r 


M 


182. Substitution of one series in another. Let 
(15) 2=f(y)=%+ayt:--tay*+-- 


be a series arranged according to powers of a variable y which con- 
verges whenever |y|< R. Again let 


(16) y= o(@)=b +b 04+---+b,a"4+--- 


be another series, which converges in the interval (—r,+~7). If 
yy’, y*, >: in the series (15) be replaced by their developments in 
series arranged according to powers of x from (16), a double series 


a+ a,b) + aq 2 bes coca in ae ee 
(17) + a,b,% + 2a, bode +---+na,bR-lba+--- 
+ bgt? + yg (BF + 2bybg) U2 ever cere eee eeeeeeeere es 


CO e meee em ee eer erseteeereresreeseerereserenseesersenerens 


is obtained. We shall now investigate the conditions under which 
this double series converges absolutely. In the first place, it is 
necessary that the series written in the first row, 


My + Ay by) + ab +->-, 
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should converge absolutely, i.e. that |b5| should be less than R.* This 
condition is also sufficient. For if it is satisfied, the function $(c) 
will be dominated by an expression of the form m/(1— x/p), where 
m is any .positive number greater than |b)| and where p< 7. We 
may therefore suppose that m is less than R. Let R' be another 
positive number which lies between m and R. Then the function 
J(y) is dominated by an expression of the form 


If y be replaced by m/(1— x/p) in this last series, and the powers 
of y be developed according to increasing powers of « by the binomial 
theorem, a new double series 
m m\" 
uw +u(Z) ars uF) oh See 


il n 


is obtained, each of whose coefficients is positive and greater than 
the absolute value of the corresponding coefficients in the array (17), 
since each of the coefficients in (17) is formed from the coefficients 
Qo) @) Aa, °++y by, by, bg, --- by means of additions and multiplications 
only. The double series (17) therefore converges absolutely pro- 
vided the double series (18) converges absolutely. If « be replaced 
by its absolute value in the series (18), a necessary condition for abso- 
lute convergence is that each of the series formed of the terms in any 
one column should converge, i.e. that |x|<p. If this condition be 
satisfied, the sum of the terms in the (n + 1)th column is equal to 


nr 


(Nt 
Then a further necessary condition is that we should have 
m<k (1 == A, 
or 


(19) lel < (4 Fi): 


* The case in which the series (15) converges for y = R (see § 177) will be neglected 
in what follows. — TRANS. 
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Since this latter condition includes the former, |x| < p, it follows 
that it is a necessary and sufficient condition for the absolute con- 
vergence of the double series (18). The double series (17) will 
therefore converge absolutely for values of x which satisfy the 
inequality (19). It is to be noticed that the series ¢(x) converges 
for all these values of x, and that the corresponding value of y is 
less than R' in absolute value. For the inequalities 


m x| m 
r eeeaics| 
P 
necessitate the inequality |¢(«)|< R'. Taking the sum of the series 
(17) by columns, we find 


ay + a b(x) + anf o(@) 2 +---+4,[o@)P+---, 


that is, f[¢(x)]. On the other hand, adding by rows, we obtain a 
series arranged according to powers of x. Hence we may write 


(20) fLe@)Ja tae tat tear tes, 
where the coefficients ¢), ¢,, ¢,,--- are given by the formule 


Cy = Ay + Ay by + 4205 +--+ 4,05 +---, 
(21) Cy = a,b, + 2Zagd,b) +--- + na, 1b +--+, 
. Cy = Aybe + My (bi + 2byb2) +---, 

which are easily verified. 

The formula (20) has been established only for values of « which 
satisfy the inequality (19), but the latter merely gives an under 
limit of the size of the interval in which the formula holds. It may 
be valid in a much larger interval. This raises a question whose 
solution requires a knowledge of functions of a complex variable. 
We shall return to it later. 


Special cases. 1) Since the number R! which occurs in (19) may 
be taken as near F& as we please, the formula (20) holds whenever z 
satisfies the inequality |x| <p(1— m/R). Hence, if the series (15) 
converges for any value of y whatever, R may be thought of as infinite, 
p may be taken as near 7 as we please, and the formula (20) applies 
whenever |x| <7, that is, in the same interval in which the series 
(16) converges. In particular, if the series (16) converges for all 
values of a, and (15) converges for all values of y, the formula (20) 
is valid for all values of a. 
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2) When the constant term 0, of the series (16) is zero, the func- 
tion #(a) is dominated by an expression of the form 


mM 


—m, 
je 
“ p . 
where p <r and where m is any positive number whatever. An 
argument similar to that used in the general case shows that the 
formula (20) holds in this case whenever x satisfies the inequality 


! 


9 
2) ‘ errant 


where R' is as near to R as we please. The corresponding interval 
of validity is larger than that given by the inequality (19). 

This special case often arises in practice. The inequality 
|4o| < # is evidently satisfied, and the coefficients ¢, depend upon 
Ay Ay) +++) Ay, Oy, +++, B, only: 


2 oe 
Co=%, C= 4b, Cp = Ab, + ag}, +++, 6, = 416, +--+ 4,07. 


Examples. 1) Cauchy gave a method for obtaining the binomial theorem from 
the development of log(1+ a). Setting 


AO EE MBS GS 
= l 1 = —_ — seedy 
y = plog(1+ 2) a(§ 5 =f 3 4 ) 


we may write 
2 
(1+ aye = ented +2) = ey 140 + s+ tes, 


whence, substituting the first expansion in the second, 


2 WR ag w2 (we a2 28 2 
Se eee. 


If the right-hand side be arranged according to powers of g, it is evident that 
the coefficient of «” will be a polynomial of degree n in uw, which we shall call 
P,,(u). This polynomial must vanish when «= 0, 1, 2,---,»—1, and must 
reduce to unity when 1» =n. These facts completely determine P, in the form 


w(u —1)-- want). 
(er 


(23) Veni 


2) Setting z = (1+ x)", where « lies between — 1 and +1, we may write 


Clay WE 
—-e=l1 = —— 
z é + BNET ’ 
where : 
1 Ge ty beers 
= = = = SSS 00 = )% coe, 
Mes) 1 se + (—1) haa 
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The first expansion is valid for all values of y, and the second is valid whenever 
|a|<1. Hence the formula obtained by substituting the second expansion in 
the first holds for any value of « between —1land +1. The first two terms of 
this formula are 


1 


1 a 1 
24 1 z&—e— (1 1 = HOD eas See 
(24) (1+ a)*=e Oa Serer ar 


é 
te)teemen Sateen 


It follows that (1 + x)!/* approaches e through values less than e as x approaches 
zero through positive values. 


183. Division of power series. Let us first consider the reciprocal 


1 
LONG tes pee a 


of a power series which begins with unity and which converges in 
the interval (—7r,+ 7). Setting 
y=be+ bn? +---, 


we may write 
1 
WON) er eae 
whence, substituting the first development in the second, we obtain 


an expansion for f(x) in power series, 
(25) f(a) =1— dyn + (8 — 8) at +--, 


which holds inside a certain interval. In a similar manner a devel- 
opment may be obtained for the reciprocal of any power series 
whose constant term is different from zero. 
Let us now try to develop the quotient of two convergent power 
series 
P() _ A +e + Agu? +--- 
y(#) "Sb, Oe ba te 


If 4) is not zero, this quotient may be written in the form 


$(2) 2 1 

—~—_ = (a v pee — 

1 naa AS SEL rar Rorhy em Be 
Then by the case just treated the left-hand side of this equation is the 
product of two convergent power series. Hence it may be written 
in the form of a power series which converges near the origin: 


Q + 4,2 + a,x +... 


CO) Be bia 150. ot a a 


Clearing of fractions and equating the coefficients of like powers 
of x, we find the formule 
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(27) Oy = Oy Cy + by 6,1 +--- + b,¢, n= 0, Ib, 2, icin) 


from which the coefficients ¢, c,,---,¢, may be calculated succes- 
sively. It will be noticed that these coefficients are the same as 
those we should obtain by performing the division indicated by the 
ordinary rule for the division of polynomials arranged according to 
increasing powers of «. 

If 56, = 0, the result is different. Let us suppose for generality 
that (aw) = x*y, (a), where & is a positive integer and y,(x) is a 
power series whose constant term is not zero. Then we may write 

o(a) _ 1 (wd) 
Wa)  &* Wr () 
and by the above we shall have also 
(x) 
Wa (”) 


It follows that the given quotient is expressible in the form 


=O +e" +---+ ¢,_,0* 1 + o,x* + oak t) 4.00, 


Cy 


(28) PAE) 0. Be acre Cee Cheat 


va) aT 
where the right-hand side is the sum of a rational fraction which 
becomes infinite for x = 0 and a power series which converges near 
the origin. 


Note. In order to calculate the successive powers of a power series, it is con- 
venient to proceed as follows. Assuming the identity 


(do + ye ++--+ + a," 4+---)™H= Cot ee ++ +++ Cn" +--+, 


let us take the logarithmic derivative of each side and then clear of fractions. 
This leads to the new identity 


May + 2Zdoe + +--+ NApe™—1 ++. -)(Co + Cye + +++ + Cpe™ +++) 

= (do + Qye+-+-+a,0"+4+-- ‘)(ey + 965% ++ -- te nc,07—1 + -+). 
The coefficients of the various powers of @ are easily calculated. Equat- 
ing coefficients of like powers, we find a sequence of formule from which 
Co, C1) °° *) Cn, **: May be found successively if co be known. It is evident that 
Cy = ay 


(29) 


184. Development of 1/V1 — 2xz+4 2%. Let us develop 1/v1 — ez + 2 
according to powers of z. Setting y = 2xz — z?, we shall have, when |y|< 1, 


1 1 1.3 
=(l— -$=1 17, ERE YY HOG 
ee: (l— y) ae ae roan wan 
or 
1 272 — 22 3 
30 il Be DS ik a rete, 
2 V1— 2az + 2? = 2 g ) 
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Collecting the terms which are divisible by the same power of z, we obtain an 
expansion of the form 


1 
(31) ——————————— = Py + Pye + Poet +++ + Phat tes, 
V1 — 2x2 + 22 
where era 
Jee Pre= eo; lepyr a ; tat 


and where, in general, P, is a polynomial of the nth degree in w. These poly- 
nomials may be determined successively by means of a recurrent formula. Dif- 
ferentiating the equation (31) with respect to z, we find 


ie et ee eee 
or, by the equation (31), 
(@ — z)(Po+ Piz +--+ + Pre +---) = (1— 2x2 + 2)(Pi + 2Pez+4+--:). 
Equating the coefficients of z”, we obtain the desired recurrent furmula 
(2 +1) Pn41 = (2n +1) eP, —nPr-1. 


This equation is identical with the relation between three consecutive Legendre 
polynomials (§ 88), and moreover Py = Xo, Pi = X1, Po = Xe. Hence P, = X, 
for all values of n, and the formula (81) may be written 


(32) etl Shes ales iy af Se ata gals NEG Ok. 
V1 — Quz + 22 


where X, is the Legendre polynomial of the nth order 


1 qn 
AG = 2—])nr)], 
ee ere 


We shall find later the interval in which this formula holds. 


II. POWER SERIES IN SEVERAL VARIABLES 


185. General principles. The properties of power series of a single 
variable may be extended easily to power series in several independ- 
ent variables. Let us first consider a double series Xa,,,,2"y", where 
the integers m and n vary from zero to + oo and where the coeffi- 
cients @,,, may have either sign. Jf no element of this series exceeds 
a certain positive constant in absolute value for a set of values 
L= Ly, ¥ = Yo, the series converges absolutely for all values of x and 
y which satisfy the inequalities |x| <|ao|, |y|<|yo|- 

For, suppose that the inequality 
M 


[enn ®0Y5|< Mor |an,|< ——— 
|x |"| Yo| 
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is satisfied for all sets of values of mand. Then the absolute value 
of the general element of the double series Sa,,,,x”y" is less than the 
corresponding element of the double series }M|a/ay|"|y/yo|". But 
the latter series converges whenever |x|<|a|, |y|<| Yo|, and its 
sum is 


M 
=a 
Carsales ay 

Xo Y% 


as we see by taking the sums of the elements by columns and then 
adding these sums. 

Let r and p be two positive numbers for which the double series 
>| Gn, |7”p” converges, and let R denote the rectangle formed by the 
four straight lines x =r, x=— 7, y=p,y=-— p. For every point 
inside this rectangle or upon one of its sides no element of the 
double series 


(33) F(&, Y) = Bann h™Y” 


exceeds the corresponding element of the series 3|a,,,,|7"p" in abso- 
lute value. Hence the series (33) converges absolutely and uni- 
formly inside of R, and it therefore defines a continuous function 
of the two variables « and y inside that region. 

It may be shown, as for series in a single variable, that the 
double series obtained by any number of term-by-term differen- 
tiations converges absolutely and uniformly inside the rectangle 
bounded by the lines x =r—¢e,t=—r+ey=p—€,y=—pté, 
where ¢« and ¢’ are any positive numbers less than r and p, respec- 
tively. These series represent the various partial derivatives of 
F(x, y). For example, the sum of the series 3ma,,,2"~'y" is equal - 
to éF/éx. For if the elements of the two series be arranged accord- 
ing to increasing powers of x, each element of the second series is 
equal to the derivative of the corresponding element of the first. 
Likewise, the partial derivative 0"+" F/dx” dy” is equal to the sum 
of a double series whose constant factor is a,,,1.2---m.1.2---n. 
Hence the coefficients a,,, are equal to the values of the correspond- 
ing derivatives of the function F(a, y) at the point « = y = 0, except 
for certain numerical factors, and the formula (33) may be written 


in the form 
om + 7 


> __ erie 
4 Me qj 
(34} F(a, y)= ona oc oe ae y 
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It follows, incidentally, that no function of two variables can have 
two distinct developments in power series. 

If the elements of the double series be collected according to 
their degrees in x and y, a simple series is obtained : 


(35) F(x, y) = bo + $1 + $2 +++ + Oy + 
where ¢, is a homogeneous polynomial of the nth degree in x and 
y which may be written, symbolically, 


hd 1 Paine OF\® 
SO abe ‘ee 


The preceding development therefore coincides: with that given by 
Taylor’s series (§ 51). 

Let (2, yo) be a point inside the rectangle R, and (a + h, % +k) 
be a neighboring point such that |x|+|h|<7,|y|+|k|<p. Then 
for any point inside the rectangle formed by the lines 


=x, Er — |x|], y¥=y+[p —|yl], 


the function F(x, y) may be developed in a power series arranged 
according to positive powers of « — x and y — y: 


ontnR 
(aaa UP) ce 


aa 
(36) F@th,y»+k)= eee -m.1.2-- 


For if each element of the double series 
BA inn( Xo at hy" (Y% aie k)” 


be replaced by its development in powers of / and k, the new multi- 
ple series will converge absolutely under the hypotheses. Arrang- 
ing the elements of this new series according to powers of / and k, 
we obtain the formula (36). 

The reader will be able to show without difficulty that all the 
preceding arguments and theorems hold without essential altera- 
tion for power series in any number of variables whatever. 


186. Dominant functions. Given a power series f(z, y, %,---) in 
variables, we shall say that another series in n variables (a, y, 2, ---) 
dominates the first series if each coefficient of (a, y, z,---) is positive 
and greater than the absolute value of the corresponding coefficient 
of f(x, y, #,-+:). The argument in § 185 depends essentially upon 
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the use of a dominant function. For if the series Anne” y"| con- 
verges for x = 7, y = p, the function 


M m n 

epee ate, 

Cesie alga 
F i p 

where M is greater than any coefficient in the series 3|a,,,7"p"|, 


dominates the series Sa,,,2"y". The function 


M 


LP 
fa) 


is another dominant function. For the coefficient of xy” in y(a, y) 
is equal to the coefficient of the corresponding term in the expan- 
sion of M(x/r-+ y/p)"*", and therefore it is at least equal to the 
coefficient of x”y” in $(@, y). 

Similarly, a triple series 


YW(x, ¥) = 


S(2; Y; 2) == Sonat 7 2, 


which converges absolutely for x=7r, y=r', z=7", where 7, 7’, r"’ 
are three positive numbers, is dominated by an expression of the 
form 


#0 9 2) = —— 
Ces rar 
and also by any one of the expressions 


M 


M 
i Re rae 
ES) ELE-Ga 


If f(x, y, #) contains no constant term, any one of the preceding expres- 

sions diminished by M may be selected as a dominant function. 
The theorem regarding the substitution of one power series in 

another (§ 182) may be extended to power series in several variables. 


) SIO 


If each of the variables in a convergent power series in p variables 
Yi» Yas ***> Yp be replaced by a convergent power series in g variables 
1, Lq, +++, @, Which has no constant term, the result of the substitu- 
tion may be written in the form of a power series arranged according 
to powers of 1, %,-+-, X,, provided that the absolute value of each 
of these variables is less than a certain constant. 


’ 
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Since the proof of the theorem is essentially the same for any 
number of variables, we shall restrict ourselves for definiteness to 
the following particular case. Let 


(87) FY, 2) = Onn YZ” 
be a power series which converges whenever |y| <7 and |z|<7", and let 


y=bx+ 6,07 +---+b,2"4+---, 


(38) 2=Oe+eo07+.---+tea"+-::- 
2 = 04 2 n 


be two series without constant terms both of which converge if the 
absolute value of « does not exceed p. If y and z in the series (37) 
be replaced by their developments from (38), the term in yz” becomes 
a new power series in #, and the double series (37) becomes a triple 
series, each of whose coefficients may be calculated from the coeffi- 
CieNntS Ann, O,, and ¢, by means of additions and multiplications 
only. It remains to be shown that this triple series converges abso- 
lutely when the absolute value of « does not exceed a certain con- 
stant, from which it would then follow that the series could be 
arranged according to increasing powers of zx. In the first place, 
the function f(y, 2) is dominated by the function 


39 ze ema eee 877 (AW 
0) sinnm mae (8) 
Cale a 
and both of the series (38) are dominated by an expression of the form 


5 eae 
p 


where M and N are two positive numbers. If y and z in the double 
series (39) be replaced by the function (40) and each of the products 
y” 2" be developed in powers of x, each of the coefficients of the result- 
ing triple series will be positive and greater than the absolute value 
of the corresponding coefficient in the triple series found above. It 
will therefore be sufficient to show that this new triple series con- 
verges for sufficiently small positive values of 2. Now the sum of 
the terms which arise from the expansion of any term y™z" of the 
series (39) is 
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which is the general term of the series obtained by multiplying the 
two series 


m n 


4 x 
Da iene a) oe 
Yr ra yl! ee 


p p 


term by term, except for the constant factor . Both of the latter 
series converge if x satisfies both of the inequalities 


! 


r 
r+N’ a SER 


x<p 


It follows that all the series considered will converge absolutely, 
and therefore that the original triple series may be arranged accord- 
ing to positive powers of xz, whenever the absolute value of is less 
than the smaller of the two numbers pr/(r + N) and pr!/(r! + iN!) 


Note. The theorem remains valid when the series (38) contain 
constant terms 6) and ¢, provided that |d)|< 7 and |e|<r'. For 
the expansion (37) may be replaced by a series arranged according 
to powers of y — b) and z — @, by § 185, which reduces the discus- 
sion to the case just treated. 


Ii. IMPLICIT FUNCTIONS 
ANALYTIC CURVES AND SURFACES 


187. Implicit functions of a single variable. The existence of implicit 
functions has already been established (Chapter IT, § 20 et ff.) under 
certain conditions regarding continuity. When the left-hand sides 
of the given equations are power series, more thorough investigation 
is possible, as we shall proceed to show. 


Let F(x, y) = 0 be an equation whose left-hand side can be developed 
in a@ convergent power series arranged according to increasing powers 
of x — Lo and y — Yo, where the constant term is zerc and the coeffi- 
cient of y — yo is different from zero. Then the equation has one and 
only one root which approaches yy as x approaches x), and that root 
can be developed in a power serves arranged according to powers of 
XL — Lp. 

For simplicity let us suppose that 2, = y, = 0, which amounts to 
moving the origin of codrdinates. Transposing the term of the first 
degree in y, we may write the given equation in the form 


(41) y = f(%, Y) = Ayu + Any E” + Ay, LY + Ayy” + °°, 
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where the terms not written down are of degrees greater than the 
second. We shall first show that this equation can be formally sat- 
isfied by replacing y by a series of the form 


(42) Y = Ce eae? Pee ee 


if the rules for operation on convergent series be applied to the series 
on the right. For, making the substitution and comparing the coefii- 
cients of x, we find the equations 


C) = Ao, Co = Any + AC + Ape Ct, Peres 


and, in general, c, can be expressed in terms of the preceding c’s 
and the coefficients a,;,, where i+ k <n, by means of additions and 
multiplications only. Thus we may write 


(43) CC, = P,,(Qo) Geo, %19°* "9 Gon)» 


where P, is a polynomial each of whose coefficients is a positive 
integer. The validity of the operations performed will be estab- 
lished if we can show that the series (42) determined in this way 
converges for all sufficiently small values of x. We shall do this by 
means of a device which is frequently used. Its conception is due 
to Cauchy, and it is based essentially upon the idea of dominant 
functions. Let 
De Y) = Sona ye 


mn 


be a function which dominates the function f(x, y), where by) = 4), = 0 
and where 6,,,, 18 positive and at least equal to |a,,,|. Let us then 
consider the auxiliary equation 

(41) Nite Cae) QR pce oe Cs 
and try to find a solution of this equation of the form 

(42") Yom Cymp Ca er Com? eae 


The values of the coefficients C,, Cz, --- can be determined as above, 
and are 
Cy = dy, Cy = by + Oy,C, + BoC; ad 
and in general 
(43') CL = P,, (Oy, boo, eat) Don): 


It is evident from a comparison of the formule (43) and (48') 
that |e¢,|< C,, since each of the coefficients of the polynomial P, is 
positive and |a,,,|<6,,,.. Hence the series (42) surely converges 


mn 
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whenever the series (42') converges. Now we may select for the 
dominant function (a, Y) the function 


M 
Cg see ea noe 


(En ee 


where M, 7, and p are three positive numbers. Then the auxiliary 
equation (41') becomes, after clearing of fractions, 


x 
A p” ye M, p” r 


i GO ica 7 I ee el 
te 


This equation has a root which vanishes for # = 0, namely : 


vie p” A. Da 4— 4@e+¥) 
Bp+M) 2Xp+M) 


a 
ees 
2 C 
p 1—% 


The quantity under the radical may be written in the form 
where 


Hence the root Y may be written 


te ata 


It follows that this root Y may be developed in a series which con- 
verges in the interval (— a, + a), and this development must coin- 
cide with that which we should obtain by direct substitution, that 
is, with (42). Accordingly the series (42) converges, a fortiori, in 
the interval (— a,+ a). This is, however, merely a lower limit of 
the true interval of convergence of the series (42), which may be 
very much larger. 

It is evident from the manner in which the coefficients ¢, were 
determined that the sum of the series (42) satisfies the equation (41). 
Let us write the equation F(a, y) in the form y — f(a, y) = 0, and 
let y = P(x) be the root just found. Then if P(x) + be substi- 
tuted for y in F(x, y), and the result be arranged according to 
powers of x and z, each term must be divisible by ~, since the whole 
expression vanishes when z = 0 for any value of x. We shall have 
then F[x, P(x) + 2]= 2Q(a, ~), where Q(x, ) is a power series in x 
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and z. Finally, if z be replaced by y — P(a) in Q(a, 2), we obtain 
the identity 

F(a, y)=[y — P(®)]&(@ y); 
where the constant term of Q, must be unity, since the coefficient 
of y on the left-hand side is unity. Hence we may write 


(4) F@ y)=[y— P@)]A + ax + By ++): 


This decomposition of F(x, y) into a product of two factors is due 
to Weierstrass. It exhibits the root y = P(a), and also shows that 
there is no other root of the equation F(x, y) = 0 which vanishes 
with x, since the second factor does not approach zero with x and y. 


Note. The preceding method for determining the coefficients c,, is 
essentially the same as that given in §46. But it is now evident 
that the series obtained by carrying on the process indefinitely is 
convergent. 


188. The general theorem. Let us now consider a system of p equa- 
tions in p + q variables. 


F, (#1, Hay + *yXq3 Yrs Yor’ ''s Yo) = 0, 

(45) Fy G15 a, >> +, 3 Yi» Yas °**5 Yo) = 9, 
F, (#1; Bey °**9 Lg, Yio Yay 45) 0, 

where each of the functions F,, F,,---, F, vanishes when x; = y, = 0, 
and is developable in power series near that point. We shall further 
suppose that the Jacobian D(F,, Fy, ---, F,)/D(y1, Yo) °**5 Yp) does 
not vanish for the set of values considered. Under these conditions 
there exists one and only one system of solutions of the equations (45) 
of the form 


Y1 = $1 (1, ay °*, Lq), OO y. Yn = Pp (1) Lay --+5 Ly), 
where $1, $2) --*, Py, ae power series in %1, Xq, +++, LX, which vanish 
when eg ee eee) 


In order to simplify the notation, we shall restrict ourselves to 
the case of two equations between two dependent variables wu and v 


and three independent variables x, y, and z: 
(46) Fy=au + bv +cxe +dy +e2 +---=0, 
Fr=aut+buo+eatd'ytez+:--=0. 


Since the determinant ab' — ba' is not zero, by hypothesis, the two 
equations (46) may be replaced by two equations of the form 
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— Mp pM wy r 
U = WAmnngrU" Y" ZU’ 


47 
(47) eee 


pm 7 NP a,Var 
mnpar @ Yew , 


where the left-hand sides contain no constant terms and no terms 
of the first. degree in w and v. It is easy to show, as above, that 
these equations may be satisfied formally by replacing wv and v by 
power series in a, y, and z: 


(48) WO aa ye ae Ula SO eas 
where the coefficients ¢,,, and ¢},, may be calculated from a,,,,., and 
®nnpqar DY means of additions and multiplications only. In order to 


show that these series converge, we need merely compare them with 
the analogous expansions obtained by solving the two auxiliary 
equations 


MV 
Py eS fe 
(24244) (1 — i) p 
r p 


where M, 7, and p are positive numbers whose meaning has been 
explained above. These two auxiliary equations reduce to a single 
equation of the second degree 


Bap Yam & 
p°U Mp? r 


3544 2p + 4M 


2 


eae 
ipseiions 


which has a single root which vanishes for « = y = z = 0, namely: 


SUEY 


2 2 


p Bs p iid alg 
~ A(p+2M) 4(p+2M) ee eee 
° oF 


U 


where a=7 [p/(p + 4M) }?. 

This root may be developed in a convergent power series when- 
ever the absolute values of x, y, and z are all less than or equai to 
«/3. Hence the series (48) converges under the same conditions. 

Let wu, and v, be the solutions of (47) which are developable in 
series. If we set w=u+u', v=v,+v' in (47) and arrange the 
result according to powers of 2, y, 2, u', v', each of the terms must 
be divisible by w! or by v!. Hence, returning to the original varia- 
bles x, y, 2, u, v, the given equations may be written in the form 


(u—m)f +v—n)¢ =9, 


an) (u—m)fi+tw—-n1)o=9, 


> 
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where f, ¢, fi, $1 are power series in x, y, 2, wu, and v. In this 
form the solutions uv = wu, v = v, are exhibited. It is evident also 
that no other solutions of (47') exist which vanish for «= y=z=0. 
For any other set of solutions must cause f¢, — $f; to vanish, 
and a comparison of (47) with (47') shows that the constant term 
is unity in both f and ¢,, whereas the constant term is zero in 
both f, and ¢; hence the condition f¢, — $f; = 0 cannot be met by 
replacing w and v by functions which vanish when « = y=2z=0. 


189. Lagrange’s formula. Let us consider the equation 
(49) y=a+ xy), 


where ¢(y) is a function which is developable in a power'series in y — a, 
, UY aia a)? Za 
oy) = oa) + y— a 9"(a) + Pa gray +>, 


which converges whenever y — a@ does not exceed a certain number. By the 
general theorem of § 187, this equation has one and only one root which 
approaches @ as & approaches zero, and this root is represented for sufficiently 
small values of x by a convergent power series 


Y=A+ A,X + agx2?+---. 
In general, if f(y) is a function which is developable according to positive 


powers of y — a, an expansion of f(y) according to powers of x may he obtained 
by replacing y by the development just found, 


(50) FY) = f(a) + Arw + Aga? +---4+ Ana +--., : 


and this expansion holds for all values of x between certain limits. 
The purpose of Lagrange’s formula is to determine the coefficients 


Aliiy Ag ee ie Aggy tones 


in terms of a. It will be noticed that this problem does not differ essentially 
from the general problem. The coefficient A, is equal to the nth derivative of 
S(y) for y = 0, except for a constant factor n!, where y is defined by (49); and 
this derivative can be calculated by the usual rules. The calculation appears to 
be very complicated, but it may be substantially shortened by applying the fol- 
lowing remarks of Laplace (cf. Ex. 8, Chapter II). The partial derivatives of 
the function y defined by (49), with respect to the variables 2 and a, are given 
by the formule 


-sw%= ow), fae =, 


whence we find immediately 


Ou ou 
51 — = d(y) — 
(51) pe se) © 
where u = f(y). On the other hand, it is easy to show that the formula 
ee 0 ou 0 ou 
51’) < | Hy) =2[% ou 
( 0a ) ou 0x uy IG 
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is identically satisfied, where F(y) is an arbitrary function of y. For either 
side becomes 


FW) f/(y ) su ce Lae ) ae 


on performing the indicated differentiations. We shall now prove the formula 


ou gn-l ou 
a 5 [ om z | 
oa 


ox" = oar 


for any value of n. It holds, by (51), for n=1. In order to prove it in gen- 
eral, let us assume that it holds for a certain number n. ‘Then we shall have 


GPL 
antl  ar- ar 


[our = 


But we also have, from (51) and (51’), 


sa LP ae |= ae LP | = 9a PO 


whence the preceding formula reduces to the form 


CPOs 


— eae 
dart+1 Ban [9 = |p 


which shows that the formula in question holds for all values of n. 
Now if we set x= 0, y reduces to a, u to f(a), and the nth derivative of u 
with respect to x is given by the formula 


onUu . 
(Z) = Flora. 


Hence the development of f(y) by Taylor’s series becomes 


Sy) = F(a) + 29a) f(a) + 3 al war (ay) + 
xn : 
+ pai OOF] + 


(52) 


This is the noted formula due to Lagrange. It gives an expression for the 
root y which approaches zero as x approaches zero. We shall find later the 
limits between which this formula is applicable. 


Note. It follows from the general theorem that the root y, considered as a 
function of z and a, may be represented as a double series arranged according 
to powers of z and a. This series can be obtained by replacing each of the 
coefficients A, by its development in powers of a. Hence the series (52) may 
be differentiated term by term with respect to a. 


Examples. 1) The equation 
£ 
(58) Ui at Ue coe) 
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has one root which is equal to a when ~©=0. Lagrange’s formula gives the 
following development for that root : 


1 2 d(a2 —1)2 
y=at5(@—1)+ (5) eases 


BA Ws da 
(4) i 1 e\" d?—1(q2 —1)” tf 
1.2---n\2 dan-} 
On the other hand, the equation (53) may be solved directly, and its roots are 
joe Vi eee 
a @ 


The root which is equal to a when x = 0 is that given by taking the sign --. 
Differentiating both sides of (54) with respect to a, we obtain a formula which 
differs from the formula (382) of § 184 only in notation. 


2) Kepler’s equation for the eccentric anomaly u,* 
(55) u=a-+esinu, 


which occurs in Astronomy, has a root u which is equal toafore=0, Lagrange’s 
formula gives the development of this root near e = 0 in the form 
a ot Ge d”—! (sin” a) 


—(sin?q@) +---+ 
Te 7a ) ieee aon) da” -} 


Laplace was the first to show, by a profound process of ean that this 
series converges whenever e is less than the limit 0.66274 


190. Inversion. Let us consider a series of the form 
(57) Y = M0 + det? +--+ + ana" +++, 


where Q; is different from zero and where the interval of convergence is(— r, + r). 
If y be taken as the independent variable and x be thought of as a function of y, 
by the general theorem of § 187 the equation (57) has one and only one root which 
approaches zero with y, and this root can be developed in a power series in y: 


(58) c= by + boy? + bgyF + -++> + dnyr™+--- 


The coefficients b;, bz, bs, --- may be determined successively by replacing « in 
(57) by this expansion and then equating the coefficients of like powers of y. 
The values thus found are 


1 ag 2d — Ay Ag 
bb = —) be =— —s bs = ——— ’ 
a, ay ay 


The value of the coefficient b, of the general term may be obtained from 
Lagrange’s formula. For, setting: 


(©) = dy + Get + +++ + dnar-l ess, 
the equation (57) may be written in the form 
= y — 
¥(2) 


* See p. 248, Ex. 19; and Zrwer, Elements of Theoretical Mechanics, 2d ed.. 
p. 356. — TRANS. 


y 
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and the development of the root of this equation which approaches zero with y 
is given by Lagrange’s formula in the form 


1 yr qr-1 1 \n 
"GO) | Tan ae Gah 


where the subscript 0 indicates that we are to set « = 0 after performing the 
indicated differentiations. 
The problem just treated has sometimes been called the reversion of series. 


191. Analytic functions. In the future we shall say that a fune- 
tion of any number of variables z, y, z,--- is analytic if it can be 
developed, for values of the variables near the point x, %, 2) --:, 
in a power series arranged according to increasing powers of 
L— 2%, Y— Yo) X —%, --: Which converges for sufficiently small 
values of the differences x —a,---. The values which a, yp, 2, --- 
may take on may be restricted by certain conditions, but we shall 
not go into the matter further here. The developments of the pres- 
ent chapter make clear that such functions are, so to speak, inter- 
related. Given one or more analytic functions, the operations of 
integration and differentiation, the algebraic operations of multipli- 
cation, division, substitution, etc., lead to new analytic functions. 
Likewise, the solution of equations whose left-hand member is ana- 
lytic leads to analytic functions. Since the very simplest functions, 
such as polynomials, the exponential function, the trigonometric 
functions, etc., are analytic, it is easy to see why the first functions 
studied by mathematicians were analytic. These functions are still 
predominant in the theory of functions of a complex variable and in 
the study of differential equations. Nevertheless, despite the funda- 
mental importance of analytic functions, it must not be forgotten 
that they actually constitute merely a very particular group sone 
the whole assemblage of continuous functions.* 


192. Plane curves. Let us consider an arc AB of a plane curve. 
We shall say that the curve is analytic along the are AB if the 
coordinates of any point M which lies in the neighborhood of any 
fixed point M, of that arc can be developed in power series arranged 
according to powers of a parameter ¢ — ¢,, 


(59) f(t) = % + a(t —t) + a.(¢—h)?+---+a,(¢—h)"+:-5 
Y= VWOH=WtaE—bh) + (t—t)?+-+-+4,(16-b)"+°°°; 


which converge for sufficiently small values of ¢ — ty. 


* In the second volume an-example of a non-analytic function will be given, all of 
whose derivatives exist throughout an interval (a, b). 
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A point M, will be called an ordinary point if in the neighbor- 
hood of that point one of the differences y —y, * — 2% can be 
represented as a convergent power series in powers of the other. 
If, for example, y—yv) can be developed in a power series in 
& — Xoy 


(60) y — Yo = O1(@ — My) + Cy (@ — Hy)? + +++ + Oy (@ — Xp)” + oy 


for all values of x between x, —h and a +h, the point (a), y¥) is 
an ordinary point. It is easy to replace the equation (60) by two 
equations of the form (59), for we need only set 


=X +t —t, 


61 
ee Y= Yo ti Gah bo) 18s ey Cie te) ie oe 


If c, is different from zero, which is the case in general, the equa- 
tion (60) may be solved for « — a, in a power series in y — y, which 
is valid whenever y — y is sufficiently small. In this case each of 
the differences x — x, y — Yo can be represented as a convergent 
power series in powers of the other. This ceases to be true if ¢, is 
zero, that is to say, if the tangent to the curve is parallel to the 
x axis. In that case, as we shall see presently, x — a, may be devel- 
oped in a series arranged according to fractional powers of y — y. 
It is evident also that at a point where the tangent is parallel to 
the y axis x — x can be developed in power series in y — yp, but 
y — y, cannot be developed in power series in x — ap. 

If the coérdinates (x, y) of a point on the curve are given by the 
equations (59) near a point M), that point is an ordinary point if 
at least one of the coefficients a,, 0, is different from zero.* If a; 
is not zero, for example, the first equation can be solved for ¢ — ¢, 
in powers of x — a, and the second equation becomes an expansion 
of y — y in powers of x — x when this solution is substituted for 
aati 

The appearance of a curve at an ordinary point is either the cus- 
tomary appearance or else that of a point of inflection. Any point 
which is not an ordinary point is called a singular point. If all 
the points of an are of an analytic curve are ordinary points, the 
are is said to be regular. 


* This condition is sufficient, but not necessary. However, the equations of any 
curve; near an ordinary point My, may always be written in such a way that a, and 
b; do not both vanish, by a suitable choice of the parameter. For this is actually 
accomplished in equations (61). See also second footnote, p. 409. — TRANS. 


IX, § 193] REAL ANALYTIC FUNCTIONS 409 


If each of the coefficients a, and 4, is zero, but a,, for example, 
is different from zero, the first of equations (59) may be written in 
the form (a — ao)? = (t — t,) [a + as(t — t,) +---]', where the right- 
hand member is developable according to powers of ¢ —¢,. Hence 
t —t, is developable in powers of (a Sar and if ¢—¢, in the 
second equation of (59) be replaced by that development, we obtain 
a development for y — y) in powers of (a — ay)? 


Y — Yo = C1 (% — Xp) + Co (a — ay) + ¢5 (x 1g) fae 


In this case the point (x), y)) is usually a cusp of the first kind.* 
The argument just given is general. If the development of 
x — x) in powers of ¢ — t, begins with a term of degree n, y — y% 
can be developed according to powers of (a — a). The appearance 
of a curve given by the equation (59) near a point (a, y) is of 
one of four types: a point with none of these peculiarities, a point’ 
of inflection, a cusp of the first kind, or a cusp of the second kind.* 


193. Skew curves. A skew curve is said to be analytic along an are 
ABif the coordinates 2, y, z of a variable point M can be developed 
in power series arranged according to powers of a parameter ¢ — ft, 


Std Prima a ear ccCoe a 
(62) Y=YtU(t—t) + +4,(6-—t)" +++, 
4 Ieee Rees iN ere eal. 


in the neighborhood of any fixed point M, of the arc. <A point 
M, is said to be an ordinary point if two of the three differences 
L— 2%, ¥Y— Yo) ¥ — % Can be developed in power series arranged 
according to powers of the third. 

It can be shown, as in the preceding paragraph, that the point 
M, will surely be an ordinary point if not all three of the coefficients 
@,,6,,¢, vanish. Hence the value of the parameter ¢ for a singular 
point must satisfy the equations f 


* For a cusp of the first kind the tangent lies between the two branches. Fora 
cusp of the second kind both branches lie on the same side of the tangent. The 
point is an ordinary point, of course, if the coefficients of the fractional powers 
happen to be all zeros. — TRANS. 

+ These conditions are not sufficient to make the point My, which corresponds to 
a. value ty of the parameter, a singular point when a point M of the curve near Mo 
corresponds to several values of ¢ which approach ¢) as M approaches My. Such is 
the case, for example, at the origin op the curve defined by the equations x= @, 
Gi GI 
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Let 2, Yo) % be the codrdinates of a point M, on a skew curve I 
whose equations are given in the form 


(63) F(a, y, 2)=0, Fy (ay, 2) = 0, 
where the functions F and F, are power series in x — Xp, ¥ — Yo, & — %- 


The point M, will surely be an ordinary point if not all three of 
the functional determinants 


DF) DFR) DA) 

D(a, ¥) Diy, 2) D(@, «) 
vanish simultaneously at the point x =a, y= yy, #=%. For if 
the determinant D(F, F,)/D(a, y), for example, does not vanish at 
M,, the equations (63) can be solved, by § 188, for  — a and y — y% 
as power series in % — 2p. 


194. Surfaces. A surface S will be said to be analytic throughout 
a certain region if the codrdinates x, y, z of any variable point M 
can be expressed as double power series in terms of two variable 
parameters ¢ — ¢, and u — w& 


L— Ly = Ayy(t — th) + Ay (U — MH) +-°s, 
(64) yas = b1)(t — th) + 01 (U — %) + °°; 
Z— By = Cyo(t — th) + Oy (U— %)+-°-, 


in the neighborhood of any fixed point M, of that region, where 
the three series converge for sufficiently small values of ¢ —¢ and 
u—U,. A point M, of the surface will be said to be an ordinary 
point if one of the three differences « — a, y — y, 2 — % can be 
expressed as a power series in terms of the other two. Every point 
M, for which not all three of the determinants 

DY; #) DZ, x) D(x, y) 

Dt, u) D(t, uv) D(t, u) 
vanish simultaneously is surely an ordinary point. If, for exam- 
ple, the first of these determinants does not vanish, the last two of 
the equations (64) can be solved for ¢ — ¢; and « — uo, and the first 
equation becomes an expansion of x — a in terms of y — y and 
2— % upon replacing ¢—¢t, and w— uw by these values. 

Let the surface S be given by means of an unsolved equation 
F(a, y, 2) =0, and let a, y%, % be the codrdinates of a point M, 
of the surface. If the function F(a, y, z) is a power series in 
L— X,Y — Yo) % — %, and if not all three of the partial derivatives 
OF /éx), OF /Oy), OF /Oz, vanish simultaneously, the point M, is surely 
an ordinary point, by § 188. 
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Note. The definition of an ordinary point on a curve or on a sur- 
face is independent of the choice of axes. For, let M, (2p, >, %) be an 
ordinary point on a surface S. Then the codrdinates of any neigh- 
boring point can* be written in the form (64), where not all three of 
the determinants D(y, z)/D(t, u), D(z, x)/D(t, u), D(a, y)/D(t, u) 
vanish simultaneously fort =¢,,u=«,. Let us now select any new 
axes whatever and let 

X=Qqe+ Bytyne+h, 

Y=a,%+ Pyt+ y2% + 82, 

Z= axe + Bsy + ys% + 85 
be the transformation which carries x, y, z into the new coordinates 
X, Y, Z, where the determinant A = D(X, Y, Z)/D(a, y, 2) is differ- 
ent from zero. Replacing a, y, z by their developments in series 
(64), we obtain three analogous developments for X, Y, Z; and we 


cannot have 
DCG OD (YZ NZ Mya 


D(t, u) D(t, uv) ss, D(t, #) ree 


fort =t,, w= Up, since the transformation can be written in the form 


w~=A,X+B,V+ O,7Z4+D,, 
GAA B, Vets Zee. 
2=A;,X+B;¥Y+ C3;Z + Ds, 

and the three functional determinants involving X, Y, Z cannot 


vanish simultaneously unless the three involving 2, y, z also vanish 
simultaneously. 


IV. TRIGONOMETRIC SERIES MISCELLANEOUS SERIES 


195. Calculation of the coefficients. The series which we shall study 
in this section are entirely different from those studied above. 
Trigonometric series appear to have been first studied by D. Ber- 
noulli, in connection. with the problem of the stretched string. The 
process for determining the coefficients, which we are about to give, 
is due to Euler. 

Let f(x) be a function defined in the interval (a, 6). We shall 
first suppose that a and 6 have the values — 7 and + 7, respec- 
tively, which is always allowable, since the substitution 


gl oH (Ub) 


b6—a 


* See footnote, p. 408. —TRANS. 
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reduces any case to the preceding. Then if the equation 
(65) f(x) = + (a, cos x + b,8in x) +---+(A_COs max + 6,810 ma) + --- 


holds for all values of x between — 7 and + 77, where the coefficients 
yy 01) 04, +++, Up bm, +++ ave unknown constants, the following device 
enables us to determine those constants. We shall first write down 
for reference the following formule, which were established above, 
for positive integral values of m and 7: 


+7 
f sin ma dx = 0; 
—7 


+m 715 
Ht cos ma dx = 0, if m # 0; 


T 


+7 
f cos ma cos na dx 


T 


14 
=f 8 ee ir —0, Scene 
+1 +7 
ib cos? mx da = i) fA =, if m+ 0; 
(66) = = | 


2 
+7 
i sin ma sin na dx 


41 
-[ EE se glssot 

+7 +7 
i sin? mx dx = jj poe IS ALLL =7, if m+ 0; 


H 2 
47 
if sin ma cos nx dx 


a sin (m + )a@ + sin (m — n)x yan 


us 


2 


Tv 


Integrating both sides of (65) between the limits — m7 and + 7, 
the right-hand side being integrated term by term, we find 


oe. a +r 
JS (x) dx = a dz = TA, 


which gives the value of a. Performing the same operations upon 
the equation (65) after having multiplied both sides either by cos mx 
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or by sin ma, the only term on the right whose integral between — a 
and + 7 is different from zero is the one in cos?mz or in sin? mz. 
Hence we find the formule 


+7 +1 
S(x) cos mx dx = TA, (x) sin ma dx = Tb», 


—-7 —7T 


respectively. The values of the coefficients may be assembled as 
follows: 


al cms il ee 
% == S(a@) da, ln = — J (a) cos mada, 
oy ee (ie JN fe 
(Gr) ha 
b= 2 J(a) sin mada. 


The preceding calculation is merely formal, and therefore tenta- 
tive. For we have assumed that the. function f(~) can be developed 
in the form (65), and that that development converges uniformly 
between the limits — 7 and +7. Since there is nothing to prove, 
a priori, that these assumptions are justifiable, it is essential that 
we investigate whether the series thus obtained converges or not. 
Replacing the coefficients a; and 0; by their values from (67) and 
simplifying, the sum of the first (m + 1) terms is seen to be 


S41 = 2" Ho § +cos(a—x)+cos2(a—2)+-: +00sm(a—2) | da. 


But by a well-known trigonometric formula we have 


5 i TAL 
1 sin ——5— @ 
re CORE ais EOS Utes 12 COR MLO Ela et a aat 

2sin 5 
whence 
: ants 
1 to sin (a — x) 
Smet =o be ey 
2 sin ——— 


or, setting a=ax-+ 2y, 


rH 


(68) ae ef) fla +2y) sin (2m + SCE 


sin y 


The whole question is reduced to that of finding the limit of this 
sum as the integer m increases indefinitely. In order to study this 
question, we shall assume that the function f(x) satisfies the fol- 


lowing conditions : 
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1) The function /(#) shall be in general continuous between — 7 
and + 7, except for a finite number of values of x, for which its value 
may change suddenly in the following manner. Let ¢ be a number 
between — 7 and +7. For any value of ¢ a number / can be found 
such that (x) is continuous between ¢ — h and ¢ and also between 
cande+h. As « approaches zero, f(¢ + e) approaches a limit which 
we shall call f(¢ + 0). Likewise, f(¢ — e) approaches a limit which 
we shall call f(¢ — 0) as « approaches zero. If the function f(x) 
is continuous for «=e, we shall haye f(c)=/f(e+ 0)=f(e—0). If 
S(e+ 9) # f(e—9), f(~) is discontinuous for a = c, and we shall agree 
to take the arithmetic mean of these values [ f(e + 0) + f(e — 0) ]/2 
for f(c). Itis evident that this definition of /(c) holds also at points 
where f(x) is continuous. We shall further suppose that f(— m + e) 
and f(a —e) approach limits, which we shall call /(— 7+ 0) and 
(a — 0), respectively, as « approaches zero through positive values. 
The curve whose equation is y = f(x) must be similar to that of 
Fig. 11 on page 160, if there are any discontinuities. We have 
already seen that the function f(a) is integrable in the interval from 
— 7 to + 7, and it is evident that the same is true for the product 
of f(x) by any function which is continuous in the same interval. 

2) It shall be possible to divide the interval (— 7, + 7) into a 
finite number of subintervals in such a way that f(x) is a monoton- 
ically increasing or a monotonically decreasing function in each of 
the subintervals. 

For brevity we shall say that the function f(x) satisfies Dirichlet’s 
conditions in the interval (—7, +7). It is clear that a function 
which is continuous in the interval (— 7, + 7) and which has a 
finite number of maxima and minima in that interval, satisfies 
Dirichlet’s conditions. 


196. The integral if 7 f(x) [sin nx/sinx]dx. The expression obtained 
for S,,,, leads us to seek the limit of the definite integral 


"Ke : sin a 
sin x 
as m becomes infinite. The first rigorous discussion of this ques- 


tion was given by Lejeune-Dirichlet.* The method which we shall 
employ is essentially the same as that given by Bonnet.t 


* Crelle’s Journal, Vol. TV, 1829. 
+ Mémoires des savants étrangers publiés par l’ Académie de Belgique, Vol. XXIII 
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Let us first consider the integral 


(69) t= [oo a 


where / is a positive number less than 7, and ¢(x) is a function 
which satisfies Dirichlet’s conditions in the interval (0,4). If $(x) 
is a constant C, it is easy to find the limit of J. For, setting y = na, 


we Inay write 
nh + 
rae if sin y oe 
0 Y 


and the limit of J as n becomes infinite is Car/2, by (39), § 176. 

Next suppose that ¢(x) is a positive monotonically decreasing 
function in the interval (0, 2). The integrand changes sign for 
all values of x of the form ka/n. Hence J may be written 


J = Uy — Hy + Uy — Ug +---+(—1)'u,+---+(—1)"6u,, 0<d6<1, 


where 
(k+l) 


ae ap (x) Oe oe 
kee wx 
and where the upper limit 2 is supposed to lie between mzr/n and 


(m+ 1)7/n. Each of the integrals u, is less than the preceding. 
For, if we set nx =kr+y in uy, we find 


po + “) sin _siny_ 
Up =| 4/ n ile ae har dy, 
and it is evident, by the hypotheses regarding ¢(x), that this inte- 


gral decreases as the subscript k increases. Hence we shall have 


the equations 
J = Uy — (Uy — Ug) — (Ug — Uy) —-°-, 


J = Uy — Uy + (Ug — Ug) + (Ug — Us) +--+, 


which show that J lies between 1, and w)—wu,. It follows that J is 
a positive number less than wu, that is to say, less than the integral 


ve oa) sin ne 5 
f x 


But this integral is itself less than the integral 


m gi * sin 
o(+ 0 f ee dx = $(+ » f ms dy = A¢(+ 9), 
0 = 0 


where 4 denotes the value of the definite integral a) (sin y)/y\ dy. 


416 SPECIAL SERIES [IX, § 196 


The same argument shows that the definite integral 


h : 
s1n 22x 
= Hf $(@) —— de, 


where ¢ is any positive number less than /, approaches zero as n 
becomes infinite. If ¢ lies between (¢ —1)2/n and i7/n, it can be 
shown as above that the absolute value of J’ is less than 


Gabe 


fae 2) SEM ay a ie (2) SINE a 


and hence, a@ fortiori, less than 


2m $(¢), 


n c 


< 


wo(ie_.) tele 


c n 1 


n 
Hence the integral approaches zero as n becomes infinite.* 

This method gives us no information if ¢c=0. In order to dis- 
cover the limit of the integral J, let c be a number between 0 
and h, such that ¢(a”) is continuous from 0 to ¢, and let us set 
$(x) = o(c) + y(a). Then (a) is positive and decreases in the 
interval (0, c¢) from the value ¢(+ 0) — ¢(c) when x= 0 to the 
value zero when x=c. If we write J in the form 


ee AOU oe ed + [ve ae de +f $(2) fie d 


and then subtract (7/2) (+ 0), we find 


J-F4(+0)= «| [ & sme 25] +2160) - #401 


h A 
+f V2) sin ne 5 +f Aa) sin ne 
0 x e x 


In order to prove that J approaches the limit (7/2) $(+ 0), it will 
be sufficient to show that a number m exists such that the absolute 


(70) 


* This result may be obtained even more simply by the use of the second theorem 
of the mean for integrals (§75). Since the function (x) is a decreasing function, 
that formula gives 


{ g(x Nee dz = Se sin na dz =~ 9 (cos ne — cosné), 


and the right-hand member evidently approaches zero. 
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value of each of the terms on the right is less than a preassigned 
positive number ¢«/4 when n is greater than m. By the remark 
made above, the absolute value of the integral 


[vw sin nx de 
0 


«x 


is less than Ay(+ 0) = A[¢(+ 0) — ¢(¢)]. Since (x) approaches 
$(+ 0) as x approaches zero, c may be taken so near to zero that 
A[$(+ 0) — $(e)] and (7 /2)[$(+ 0) — $(¢)] are both less than «/4. 
The number ¢ having been chosen in this way, the other two terms 
on the right-hand side of equation (70) both approach zero as n 
becomes infinite. Hence m may be chosen so large that the abso- 
lute value of either of them is less than «/4. It follows that 

(71) lim J = 5 (+ 0). 

We shall now proceed to remove the various restrictions which 
have been placed upon ¢(:) in the preceding argument. If (x) is 
a monotonically decreasing function, but is not always positive, the 
function p(x) = ¢() + C is a positive monotonically decreasing func- 
tion from 0 to / if the constant C be suitably chosen. Then the 
formula (71) applies to y(~). Moreover we may write 


h . h : Tei es 
sin nx sin nx sin nx 
A (x) oe da =| p(x) - dx — auf Z dx, 


and the right-hand side approaches the limit (77/2) ¥(+.0) — (7/2)C, 
that is, (7/2) (+ 9). 

If $(x) is a monotonically increasing function from 0 to h, — $(«) 
is a monotonically decreasing function, and we shall have 


E sin na i sin nx 
f (2) A de = — Pe) ag or 


Hence the integral’approaches (77/2) ¢(+ 0) in this case also. 
Finally, suppose that ¢(«) is any function which satisfies Dirich- 
let’s conditions in the interval (0, 2). Then the interval (0, ) 
may be divided into a finite number of subintervals (0, «), (a, 0), 
(6, c), +++, (1, h), in each of which $(z) is a monotonically increasing 
or decreasing function. The integral from 0 to a approaches the limit 
(7 /2)$(+ 0). Each of the other integrals, which are of the type 


b é 
Ss1n nx 
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approaches zero. For if $(«) is a monotonically increasing function, 
for instance, from a to 0, an auxiliary function y(x) can be formed 
in an infinite variety of ways, which increases monotonically from 
0 to d, is continuous from 0 to a, and coincides with (x) from a to 6. 
Then each of the integrals 


a . e b . 
i ie) Be ie fi V(x) = Me a 
0 d 
approaches y(+ 0) as m becomes infinite. Hence their difference, 
which is precisely H, approaches zero. It follows that the formula 
(71) holds for any function $(#) which satisfies Dirichlet’s condi- 
tions in the interval (0, /). 
Let us now consider the integral 


h . 
(72) [= af f(z) a de, O<h<m, 
0 


where f(x) is a positive monotonically increasing function from 
0 to A. This integral may be written 


h ‘ 
x S1n 22% 
! =i [We see |e 


and the function $(x) = f(x) x/sinx is a positive monotonically 
increasing function from 0 toh. Since f(+ 0) = $(+ 9), it follows 
that 
; 7 
(73) lim I= 5 f(+ 0). 


This formula therefore holds if f(#) is a positive monotonically 
increasing function from 0 to h. It can be shown by successive 
steps, as above, that the restrictions upon f(x) can all be removed, 
and that the formula holds for any function f(#) which satisfies 
Dirichlet’s conditions in the interval (0, A). 


197. Fourier series. A trigonometric series whose coefficients are 
given by the formule (67) is usually called a Fourier series. Indeed 
it was Fourier who first stated the theorem that any function arbi- 
trarily defined in an interval of length 27 may be represented by a 
series of that type. By an arbitrary function Fourier understood 
a function which could be represented graphically by several cur- 
vilinear ares of curves which are usually regarded as distinct curves. 
We shall render this rather vague notion precise by restricting our 
discussion to functions which satisfy Dirichlet’s conditions. 
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In order to show that a function of this kind can be represented 
by a Fourier series in the interval (— 7, +7), we must find the 
limit of the integral (68) as m becomes infinite. Let us divide 
this integral into two integrals whose limits of integration are 
0 and (7 — )/2, and — (7 + x)/2 and 0, respectively, and let us 
make the substitution y= — z in the second of these integrals. 
Then the formula (68) becomes 


‘Stone als wane jee, ey 


sin y 


yi Af" Foe yes sin (2m + 1)z 1 


sin z 


When « lies between — 7 and + 7, (7 — x)/2 and (7 + x)/2 both 
lie between 0 and 7. Hence by the last article the right-hand 
side of the preceding formula approaches 


=| Zy@ +0) + Ere —0) |= Ze tI 4LE—9) 


as m becomes infinite. It follows that the series (65) converges and 

that its sum is f(x) for every value of « between — 7 and + 7. 
Let us now suppose that x is equal to one of the limits of the 

interval, —7 for example. Then S,,,, may be written in the form 


Sn = 2 f aot sin(@m +1 Hd 


sin y 


fie es pe ey, 


sin y 


eh sin(2m +1)y 5 
+2 [nor +%) sin y 
2 


The first integral on the right approaches the limit f(— 7m + U)/2. 
Setting y = 7 — 2 in the second integral, it takes the form 


ie a= ee SPU ap 


sin 2 


which approaches f(7 —0)/2. Hence the sum of the trigonometric 
series is [f(r — 0) +f(— 7+ 0)]/2 when a2 =— 7. It is evident 
that the sum of the series is the same when x = + 7m. 

If, instead of laying off 2 as a length along a straight line, we 
lay it off as the length of an arc of a unit circle, counting in the 
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positive direction from the point of intersection of the circle with 
the positive direction of some initial diameter, the sum of the series 
at any point whatever will be the arithmetic mean of the two limits 
approached by the sum of the series as each of the variable points 
m' and m", taken on the circumference on opposite sides of m, 
approaches m. If the two limits f(—-7+0) and f(a —0) are 
different, the point of the circumference on the negative direction 
of the initial line will be a point of discontinuity. 


In conclusion, every function which is defined in the interval 
(— 7, + 7) and which satisfies Dirichlet’s conditions in that inter- 
val may be represented by a Fourier series in the same interval. 


More generally, let f(x) be a function which is defined in an 
interval (a, a+ 27) of length 27, and which satisfies Dirichlet’s 
conditions in that interval. It is evident that there exists one and 
only one function F(x) which has the period 27 and coincides with 
J(«) in the interval (a, a+ 27). This function is represented, for 
all values of x, by the sum of a trigonometric series whose coeffi- 
cients a,, and 6,, are given by the formule (67): 


+7 +7 
Qn = ~f F(x) cos mx dx, b, = of F(x) sin ma dx. 


T 7 


The coefficient a,,, for example, may be written in the form 


1 7 7 a—2hr 
Cie i F(x) cos ma dx + +f F(x) cos mx dx, 


T Ja-2he 
where a is supposed to lie between 2h — 7m and 2ha +. Since 
F(x) has the period 27 and coincides with f(x) in the interval 
(a, a+ 27), this value may be rewritten in the form 


1 2Qhr +7 a+2Qr 
Op, = iL f(x) cos ma dx + ie J (x) cos ma da 
(74) hee a 
= =f JS (x) cos mx dx. 
Similarly, we should find 
! a+ 20 
(75) —— re J() sin ma dx. 


Whenever a function f(x) is defined in any interval of length 2z, 
the preceding formulz enable us to calculate the coefficients of its 
development in a Fourier series without reducing the given interval 
to the interval (— 7, + 77). 


IX, § 198] TRIGONOMETRIC SERIES 421 


198. Examples. 1) Let us find a Fourier series whose sum is —1 for 
—m<2x<0, and +1 for0<%<+a. The formule (67) give the values 


i 0 1 7 
maT f —dete f ax 0F 


1 95 
m= =f —cosmads +— f cosmadx = 0, 


2 — cosmm — cos(— mz) 
mn ‘ 


UR Le 
Im == f sin made += [ SIMIML Oe — 


If m is even, b» is zero. If m is odd, bm is 4/mmz. Multiplying all the coeffi- 
cients by 7/4, we see that the sum of the series 
sing  sin3z sin (2m +1)” 


76 ee 
78) " 1 ~ 3 2m +1 


is — 7/4 for -a <2<0, and + 7/4for0<xz<z. The point x = Oisa point 
of discontinuity, and the sum of the series is zero when x = 0, as it should be. 
More generally the sum of the series (76) is 7/4 when sin is positive, — 7/4 
when sina is negative, and zero when sing = 0. 

The curve represented by the equation (76) is composed of an infinite number 
of segments of length z of the straight lines y =+ 7/4 and an infinite num- 
ber of isolated points (y = 0, = kz) on the @ axis. 


2) The coefficients of the Fourier development of x in the interval from 0 to 
2m are 


iI 24 
a= — f GOP 12 705 
H Jo 


il pee esinme]27 1 oa 
Gn = = { x cosma dx = (— + — f sinmzdz =0, 
nr J mir 0 mr Jo 


1 ZT, x cos mx 27 
bn Sf x sinmz dx = 
T Jo 


1 Qa 2, 
= + if cos mz dz =— —.- 
mire m7 Jo ™m 


0 


Hence the formula 


x sing sin2x sin3z 


x 
CD 2 2 1 2 3 


is valid for all values of 2 between 0 and 27. If we set y equal to the series on 
the right, the resulting equation represents a curve composed of an infinite num- 
ber of segments of straight lines parallel to y = 7/2 and an infinite number of 
isolated points. 


Note. If the function f(x) defined in the interval (— z, + 7) is even, that is 
to say, if f(— x) = f(x), each of the coefficients b,, is zero, since it is evident that 


9 . se oy s a 
J fe)sin made = — f F(a) sin ma dz. 


Similarly, if f(z) is an odd function, that is, if f(— 7) =—f(«), each of the 
coefficients dm is zero, including a. A function f(x) which is defined only in 
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the interval from 0 to z may be defined in the interval from — z to 0 by either 
of the equations 

S(-a)=f@) or f(—*)=—f(@) 
if we choose to do so. Hence the given function f(z) may be represented either 
by a series of cosines or by a series of sines, in the interval from 0 to z. 


199. Expansion of a continuous function. Weierstrass’ theorem. Let f(x) be a 
function which is defined and continuous in the interval (a, 0). The following 
remarkable theorem was discovered by Weierstrass: Given any preassigned posi- 
tive number €, a polynomial P(x) can always be found such that the difference 
f(x) — P(z) is less than «€ in absolute value for all values of « in the interval (a, b). 

Among the many proofs of this theorem, that due to Lebesgue is one of the 
simplest.* Let us first consider a special function ¥(x) which is continuous in 
the interval (— 1, + 1) and which is defined as follows: ¥(z) = 0 for -1<x<0, 
y(a) = 2ke for 0 <a <1, where & is a given constant. Then ¥(z) = («+ |@|)k. 
Moreover for —1<a< +1 we shall have 


|c|= VI-d —@), 


and for the same values of x the radical can be developed in a uniformly con- 
vergent series arranged according to powers of (1— «?). It follows that |x|, and 
hence also y(x), may be represented to any desired degree of approximation in 
the interval (— 1, + 1) by a polynomial. 

Let us now consider any function whatever, f(x), which is continuous in 
the interval (a, 6), and let us divide that interval into a suite of subintervals 
(@o, G1), (A1, G2), +++, (Gn—1, Gn), Where @ = dy <a < Ag <---<M1<a,=b, 
in such a way that the oscillation of f(x) in any one of the subintervals is less 
than €/2. Let Z be the broken line formed by connecting the points of the 
curve y = f(x) whose abscisse are do, 01, d2,:--,b. The ordinate of any point 
on L is evidently a continuous function ¢(x), and the difference f(x) — ¢(2) is 
less than €/2 in absolute value. For in the interval (a@,-1, a), for example, 
we shall have 


F(%) — $(@) = [F(e) — A(au-1)] 1 — 6) + [A(@) — F(au)] 8, 
where & — Qu-1 = 6(@4—@y-1). Since the factor @ is positive and less than 
unity, the absolute value of the difference f — ¢ is less than e(1 — 6 + 6)/2 = €/2. 
The function ¢(x) can be split up into a sum of n functions of the same type as 
Y(x). For, let Ao, A1, Az, ---, An be the successive vertices of L. Then $(2) 
is equal to the continuous function ¥ («) which is represented throughout the 
interval (a, 6) by the straight line 4) A, extended, plus a function ¢; (x) which 
is represented by a broken line Aj A{---A% whose first side A Aj lies on the 
x axis and whose other sides are readily constructed from the sides of Z. Again, 
the function ¢; (x) is equal to the sum of two functions ¥2 and ¢2, where wo is 
zero between dp and aj, and is represented by the straight line 4{A$ extended 
between a; and 6, while $2 is represented by a broken line Aj A{’A¥- - -.4%’ whose 
first three vertices lie on the a axis. Finally, we shall obtain the equation 
g= Wit ~e+t-+++%n, where y; is a continuous function which vanishes 
between do and a;_; and which is represented by a segment of a straight line 


* Bulletin des sciences mathématiques, p. 278, 1898. 
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between a;_; and b. If we then make the substitution X = mx + n, where m 
and n are suitably chosen numbers, the function y;(x) may be defined in the 
interval (— 1, +1) by the equation 


Wi (e) = k(X + |X), 


and hence it can be represented by a polynomial with any desired degree of 
approximation. Since each of the functions y;(z) can be represented in the 
interval (a, 6) by a polynomial with an error less than €/2n, it is evident that the 
sum of these polynomials will differ from f(x) by less than e. 

It follows from the preceding theorem that any function f(x) which is contin- 
uous in an interval (a, b) may be represented by an infinite series of polynomials 
which converges uniformly in that interval. For, let 4, €,-+-+, €.,+:+ beasequence 
of positive numbers, each of which is less than the preceding, where e, approaches 
zero as n becomes infinite. By the preceding theorem, corresponding to each of 
the e’s a polynomial P;(x) can be found such that the difference f(x) — P;(z) is 
less than ¢; in absolute value throughout the interval (a, b). Then the series 


Py (t) + [Pa () — Pa(e)] +--+ + [Pa@) — Pri] +> 


converges, and its sum is f(x) for any value of x inside the interval (a, b). For 
the sum of the first n terms is equal to P,,(x), and the difference f(x) — S,, which 
is less than €,, approaches zero as n becomes infinite. Moreover the series con- 
verges uniformly, since the absolute value of the difference f(x) — S, will be less 
than any preassigned positive number for all values of n which exceed a certain 
fixed integer V, when x has any value whatever between a and 0. 

200. A continuous function without a derivative. We shall conclude this chapter 
by giving an example due to Weierstrass of a continuous function which does 
not possess a derivative for any value of the variable whatever. Let b be a posi- 
tive constant less than unity and let a be an odd integer. Then the function 
F(x) defined by the convergent infinite series 


+2 
(78) F(a) = >: b” cos (a" 72) 
n=0 
is continuous for all values of x, since the series converges uniformly in any 
interval whatever. If the product ab is less than unity, the same statements _ 
hold for the series obtained by term-by-term differentiation. Hence the func- 
tion F(x) possesses a derivative which is itself a continuous function. We shall 
now show that the state of affairs is essentially different if the product ab exceeds 
a certain limit. 
In the first place, setting 


m—1 
Si ; >) b” {cos [a (a + h)] — cos(a"z)}, 


n=0 


+0 
je ; D Privos [an x(x + h)] — cos (arze)} , 


we may write 
(79) F(a + h) — F(x) 


‘ =O ictaims 
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On the other hand, it is easy to show, by applying the law of the mean to the 
function cos (a” 2a), that the difference cos [a”2(a + h)] — cos(a” 7a) is less than 
ma”|h| in absolute value. Hence the absolute value of S,, is less than 


m—1 
ar bm a] 
a arb = 7 ———__, 
=, ab —1 


and consequently also less than 2(ab)™/(ab —1), if ab>1. Let us try to find a 
-lower limit of the absolute value of R&,, when h is assigned a particular value. 


We shall always have 
ane = An + Em, 


where a, is an integer and £,, lies between —1/2 and + 1/2. If we set 


where eé, is equal to +1, it is evident that the sign of h is the same as that of 
€m, and that the absolute value of h is less than 3/2a". Having chosen h in this 
way, we shall have 


an (e + h) = a—mana(s + h) = a"—™72(an + Cn) 
Since a is odd and e¢, =+1, the product a*—-™ (am + €m) is even or odd with 
Qm +1, and hence 
cos [a" a(x + h)] = (—1)%m41, 
Moreover we shall have 


cos (a" 7x) = cos (a"—™a™ rz) = cos[a"—™ 1(Am + Em) ] 

= COS (Q"—™ Ap 7) COS (A"—™ En, 72) , 

or, since a’—™q,, is even or odd with ap, 
cos (a” 7x) = (—1)¢mcos(a"—-™E,, 7). 

It follows that we may write 

(—L)am+1 

By = Ss bn [1+ cos(a"-™é,,2)]. 
rxa=m 


Since every term of the series is positive, its sum is greater than the first term, and 
consequently it is greater than b” since é,, lies between — 1/2 and + 1/2. Hence 


bm 
ane 


altars 


or, since |h| <38/2a™, 
|Bn| > 5 (@d)™. 
If a and b satisfy the inequality 
(80) ab>1+ =, 


we shall have 
m(ab)™ 
ab —1 


2 
3 (ab) = ’ 


whence, by (79), 


BY 4 
en kD 
ab ~—1 


F@ +h) — F@) 


h | > | Bm | —|Sm| > 5 (oh)e 
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As m becomes infinite the expression on the extreme right increases indefinitely, 
while the absolute value of h approaches zero. Consequently, no matter how 
small ¢ be chosen, an increment h can be found which is less than ¢ in abso- 
lute value, and for which the absolute value of [F(a + h) — F(«)]/h exceeds any 
preassigned number whatever. It follows that if a and b satisfy the relation (80), 
the function F(£) possesses no derivative for any value of x whatever. 


EXERCISES 


1. Apply Lagrange’s formula to derive a development in powers of « of that 
root of the equation y? = ay + x which is equal to a when ¢ = 0. 


2. Solve the similar problem forthe equation y —a+ayr+1=0. Apply the 
result to the quadratic equation a — be + cx? =0. Develop in powers of c that 
root of the quadratic which approaches a/b as ¢ approaches zero. 


3. Derive the formula 


log (1+ 2) 1 dane al plea erga 
= 1+ —) 2? 14+—-+—)e-(1+-—-+-—4-—)at+-:--. 
52 5 xv + tots sila rar ta A a 


1+2 


4. Show that the formula 


1 pg \2 2-138 x \8 
Vita l+e 2\14+2 OPAL 


holds whenever a is greater than — 1/2. 


5. Show that the equation 


Siac on fn 1 22 oan ilo} Qe ree 
7 Oita?  2.4\14 22 2.4.6\1+4 2 


holds for values of x less than 1 in absolute value. What is the sum of the series 
when |x| >1? 


6. Derive the formula 


1 ne n(n—1)/ 2 \? n(n—1)(n—2)/ aw \8 
Pea nee ead hg eee — oto’ *| lee 
Ce ar es 2 (=) 1.2.3 a+eZ 
7. Show that the branches of the function sin mx and cosmz which reduce 


to 0 and 1, respectively, when sinw = 0 are developable in series according to 
powers of sing: 


2—1., 2_1)(m?—9) . 
sin mz = m [ sine — - 5g ante + (De sinta - ; |; 
ore m2 (m2? — 4). 
= 1 — ——sin?4 + —-———~ sintz — +++. 
ane ADs oh a8sA 
[Make use of the differential equation 
du du 
ty meu = 0 
( 1) ap Vai + “ 


which is satisfied by u = cos max and by u = sin me, where y = sin &. | 


8. From the preceding formule deduce developments for the functions 
cos (n arc cosz) , sin (n arc cos Z) . 


CHAPTER X 


PLANE CURVES 


The curves and surfaces treated in Analytic Geometry, properly 
speaking, are analytic curves and surfaces. However, the geomet- 
rical concepts which we are about to consider involve only the exist- 
ence of a certain number of successive derivatives. Thus the curve 
whose equation is y = f(a) possesses a tangent if the function f(x) 
has a derivative f'(x); it has a radius of curvature if f(a) has a 
derivative f"(a); and so forth. 


I. ENVELOPES 


201. Determination of envelopes. Given a plane curve C whose 
equation 


(1) S(&; Y, %) =0 
involves an arbitrary parameter a, the form and the position of the 
curve will vary with a. If each of the positions of the curve C is 
tangent to a fixed curve E, the curve £ is called the envelope of the 
curves C, and the curves C are said to be enveloped by E. The 
problem before us is to establish the existence (or non-existence) of 
an envelope for a given family of curves C, and to determine that 
envelope when it does exist. 

Assuming that an envelope E exists, let (a, y) be the point of tan- 
gency of £ with that one of the curves C which corresponds to a cer- 
tain value a of the parameter. The quantities 2 and y are unknown 
functions of the parameter a which satisfy the equation (1). In 
order to determine these functions, let us express the fact that the 
tangents to the two curves E and C coincide for all values of a. 
Let dx and 8y be two quantities proportional to the direction cosines 
of the tangent to the curve C, and let dx/da and dy/da be the 
derivatives of the unknown functions « = $(a), y=y(a). Thena 
necessary condition for tangency is 


EI) 
da da 
2 et ee 
oO) ba by 


426 
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On the other hand, since @ in equation (1) has a constant value for 
the particular curve C considered, we shall have 


of of 

3 as Ses 

(3) x Bae nig ao 
which determines the tangent to C. Again, the two unknown func- 
tions « = (a), y = (a) satisfy the equation 


S(@, ¥, %) =9, 


also, where a is now the independent variable. Hence 


afde , afdy , af _ 
oe, ’ 


© 6x da Oyda a 
or, combining the equations (2), (3), and (4), 
é 
(5) oe =/0). 


The unknown functions x = $(a), y = (a) are solutions of this equa- 
tion and the equation (1). Hence the equation of the envelope, in 
case an envelope exists, is to be found by eliminating the parameter a 
between the equations f = 0, ef/da = 0. 

Let R(x, y) = 0 be the equation obtained by eliminating a between 
(1) and (5), and let us try to determine whether or not this equation 
represents an envelope of the given curves. Let C, be the particu- 
lar curve which corresponds to a value a, of the parameter, and let 
(2), Yo) be the coordinates of the point M, of intersection of the 
two. curves 


(6) Sa; Y, %) = 9, 


The equations (1) and (5) have, in general, solutions of the form 
x= (4), y=y(a), which reduce to x and y, respectively, for 
a@=a). Hence for a=a, we shall have 


Of (da\ , of (dy\ _ 
pea, alee 


oF =0. 


0a 


This equation taken in connection with the equation (3) shows 
that the tangent to the curve C, coincides with the tangent to the 
curve described by the point (x, y), at least unless éf/éx and of/éy 
are both zero, that is, unless the point M, is a singular point for the 
curve C,. It follows that the equation R(a, y) = 0 represents either 
the envelope of the curves C or else the locus of singular points on 
these curves. 


428 PLANE CURVES [X, § 202 


‘Vhis result may be supplemented. If each of the curves C has 
one or more singular points, the locus of such points is surely a part 
of the curve R(x, y)=0. Suppose, for example, that the point (a, y) 
is such a singular point. Then w and y are functions of a which 
satisfy the three equations 


a . 


7) 
S(@ y, 4) =9, ae 0, Ff _9 


oy 
and hence also the equation éf/ea=0. It follows that x and y 
satisfy the equation R(a, y) = 0 obtained by eliminating a between 
the two equations f=0 and éf/ea=0. In the general case the 
curve R(x, y)=0 is composed of two analytically distinct parts, 
one of which is the true envelope, while the other is the locus of 
the singular points. 


? 


Example. Let us consider the family of curves 


Say )N=y—-y+(e—a)’?=0, 


The elimination of a between this equation and the derived equation 


a =—2(a—a)=0 
gives y* — y? = 0, which represents the three straight lines y = 0, 
y=+1, y=—1. The given family of curves may be generated 
by a translation of the curve y*— y?+2?=0 along the 2 axis. 
This curve has a double point at the origin, and it is tangent to 
each of the straight lines y=2+1 at the points where it cuts the 
y axis. Hence the straight line y = 0 is the locus of double points, 
whereas the two straight lines y = +1 constitute the real envelope. 


202. If the curves C have an envelope E, any point of the envelope 
is the limiting position of the point of intersection of two curves of 
the family for which the values of the parameter differ by an infini- 
tesimal. For, let 


(7) S(&, Y, %) = 0, Tey; a+h)=0 


be the equations of two neighboring curves of the family. The 
equations (7), which determine the points of intersection of the two 
curves, may evidently be replaced by the equivalent system 


Ok 
fla, y, 2) = 0, S(2, Y &+ ‘ S(a, Y a) iy 


X, § 202] ENVELOPES 429 


the second of which reduces to éf/éa = 0 as h approaches zero, that 
is, as the second of the two curves approaches the first. This prop- 
erty is fairly evident geometrically. In Fig. 37, a, for instance, the 
point of intersection N of the two neighboring curves C and C! 
approaches the point of tangency M as C’ approaches the curve C 


° ee 


Cc 


Fig. 37, a Fic. 37, 6 


as its limiting positicn. Likewise, in Fig. 37, 6, where the given 
curves (1) are supposed to have double points, the point of intersec- 
tion of two neighboring curves C and C’' approaches the point where 
C cuts the envelope as C' approaches C. 

The remark just made explains why the locus of singular points 
is found along with the envelope. For, suppose that f(a, y, a) is a 
polynomial of degree m in a. For any point M,(a, y) chosen at 
random in the plane the equation 


(8) So, Yor %) = 9 
will have, in general, m distinct roots. Through such a point there 
pass, in general, m different curves of the given family. But if the 
point M, lies on the curve R(a, y) = 0, the equations 
F(®o» Yo. 4) = 9; = 

are satisfied simultaneously, and the equation (8) has a double root. 
The equation R(a, y) =0 may therefore be said to represent the 
locus of those points in the plane for which two of the curves of 
the given family which pass through it have merged into a single 
one. The figures 37, a, and 37, 6, show clearly the manner in which 
two of the curves through a given point merge into a single one as 
that point approaches a point of the curve R(x, y) = 0, whether on 
the true envelope or on a locus of double points. 
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Note. It often becomes necessary to find the envelope of a family 
of curves 


(9) F(a, y, 4, 6) =0 


whose equation involves two variable parameters a and 6, which 
themselves satisfy a relation of the form ¢(a,6)=0. This case 
does not differ essentially from the preceding general case, however, 
for 6 may be thought of as a function of a defined by the equation 
¢=0. By the rule obtained above, we should join with the given 
equation the equation obtained by equating to zero the derivative 
of its left-hand member with respect to a: 


OF OF db | 


ay oad 


But from the relation $(a, 0) = 0 we have also 


ES EID 
Feetich ie 


whence, eliminating db/da, we obtain the equation 


aR dg OF eb _ 
wy) 0a Ob 0b Oa sont 


which, together with the equations F = 0 and ¢@ = 0, determine the 
required envelope. The parameters a and 6 may be eliminated 
between these three equations if desired. 


203. Envelope of a straight line. As an example let us consider the equation 
of a straight line D in normal form 


(11) “xcosa+ysina — f(a) =0, 


where the variable parameter is the angle a. Differentiating the left-hand side 
with respect to this parameter, we find as the second equation 


(12) —axsine+ycosa—f(a)=0. 


These two equations (11) and (12) determine the point of intersection of any 
one of the family (11) with the envelope # in the form 


(13) x = f(a) cosa — f(a) sina, 
y =f(a) sina + f’(a) cosa. 
It is easy to show that the tangent to the envelope E which is described by this 
point («, y) is precisely the line D. For from the equations (18) we find 
dz = —[f(a) + f’(a)] sineda, 
dy= [f(a)+f’"(a)]cosada, 


whence dy/dx = — cot a, which is precisely the slope of the line D. 


(14) 
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Moreover, if s denote the length of the arc of the envelope from any fixed 
point upon it, we have, from (14), 


ds = Vda? + dy? = + [ f(a) +f"(a)]da, 
whence 


== [ [rade +4(a) |. 


Hence the envelope will be a curve which is easily rectifiable if we merely choose 
for f(a) the derivative of a known function.* 

As an example let us set f(a) =I sina@cosa. Taking y = 0 and x = 0 suc- 
cessively in the equation (11), we find (Fig. 88) OA =Isina, OB =lcosa, 
respectively ; hence AB=l. The required 
curve is therefore the envelope of a straight 
line of constant length J, whose extremities 
always lie on the two axes. The formule 
(18) give in this case 


z=Ilsinea, y=lcos?a, 


and the equation of the envelope is 


(eC 


which represents a hypocycloid with four 
cusps, of the form indicated in the figure. Fia. 38 

As « varies from 0 to 7/2, the point of con- 

tact describes the arc DC. Hence the length of the arc, counted from D, is 


Coe sa See 
s={ SIS ENGNGU G50 TE Iti 
0 


Let I be the fourth vertex of the rectangle determined by OA and OB, and M 
the foot of the perpendicular let fall from J upon AB. Then, from the tri- 
angles AMI and APM, we find, successively, 


AM = AI cosa =lcos?a, AP=AMsina =Ilcos*asina. 


Hence OP = OA — AP =1sin?a, and the point M is the point of tangency of 
the line AB with the envelope. Moreover 


BM =l1— AM=lIsin?a; 


hence the length of the arc DM = 3BM/2. 


* Each of the quantities which occur in the formula for s, s = /’(@) + [F(@) da, 
has a geometrical meaning: @ is the angle between the x axis and the perpendicular 
ON let fall upon the variable line from the origin; f(@) is the distance ON from the 
origin to the variable line; and /’(a) is, except for sign, the distance MN from 
the point M where the variable line touches its envelope to the foot WV of the perpen- 
dicular let fall upon the line from the origin. The formula for s is often called 


Legendre’s formula. 
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204. Envelope of a circle. Let us consider the family of circles 
(15) (2 — a)? + (y— 6)? —p?=0, 


where a, b, andp are functions of a variable parameter ¢. The points where a 
circle of this family touches the envelope are the points of intersection of the 
circle and the straight line 


(16) (x — a) a’ + (y — b) b’ + pp’ = 0. 


This straight line is perpendicular to the tangent MT to the curve C described 
by the center (a, b) of the variable circle (15), and its distance from the center is 
pdp/ds, where s denotes the length of 
the arc of the curve C measured from 
some fixed point. Consequently, if the 
line (16) meets the circle in the two 
points N and WN’, the chord NWN’ is 
bisected by the tangent MT at right 
angles. It follows that the envelope 
consists of two parts, which are, in 
general, branches of the same analytic 
curve. Let us now consider several 
special cases. 

1) If pis constant, the chord of con- 
tact NN’ reduces to the normal PP’ to 
the curve C, and the envelope is com- 
posed of the two parallel curves C) and 
C{ which are obtained by laying off the constant distance p along the normal, 
on either side of the curve C. 

2) Ifp =s+K, we have pdp/ds = p, and the chord NW’ reduces to the tan- 
gent to the circle at the point Q. The two portions of the envelope are merged 
into a single curve I, whose normals are tangents to the curve C. The curve C 
is called the evolute of I, and, conversely, I is called an involute of C (see § 206). 

If dp>ds, the straight line (16) no longer cuts the circle, and the envelope is 
imaginary. 


Secondary caustics. Let us suppose that 
the radius of the variable circle is propor- 
tional to the distance from the center to a 
fixed point O. Taking the fixed point O as 
the origin of codrdinates, the equation of the 
circle becomes 


(e— a)? + (y — 6)? = B(a? +09), 


where k is a constant factor, and the equation 
of the chord of contact is 


(x — a) a’ + (y — b)b’ + k2(aa’ + bb’) = 0. 


/ 


1 
1 
' 
' 
1 
’ 
' 
' 
' 
vs 
4 


Fic. 40 
If 5 and 8 denote the distances from the 


center of the circle to the chord of contact and to the parallel to it through the 
origin, respectively, the preceding equation shows that 5 = k28’. Let P be a 
point on the radius MO (Fig. 40), such that MP =k2MO, and let C be the 
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locus of the center. Then the equation just found shows that the chord of con- 
tact is the perpendicular let fall from P upon the tangent to C at the center M. 
Let us suppose that & is less than unity, and let H denote that branch of the 
envelope which lies on the same side of the tangent MT as does the point O. 
Let 7 and 7, respectively, denote the two angles which the two lines MO and 
MN make with the normal MI to the curve C. Then we shall have 


Mp sint Mq MQ _1 


sini = q, sin r = ’ = = ———r 
MN sn Juli) NP 1 


Now let us imagine that the point O is a source of light, and that the curve C 
separates a certain homogeneous medium in which O lies from another medium 
whose index of refraction with respect to the first is 1/k. After refraction the 
incident ray OM will be turned into a refracted ray MR, which, by the law of 
refraction, is the extension of the line NM. Hence all the refracted rays MR 
are normal to the envelope, which is called the secondary caustic of refraction. 
The true caustic, that is, the envelope of the refracted rays, is the evolute of the 
secondary caustic. 

The second branch H’ of the envelope evidently has no physical meaning ; 
it would correspond to a negative index of refraction. If we set k=1, the 
envelope E reduces to the single point O, while the portion EH’ becomes the locus 
of the points situated symmetrically with O with respect to the tangents to C. 
This portion of the envelope is also the secondary caustic of reflection for inci- 
dent rays reflected from C which issue from the fixed point O. It may be shown 
in a manner similar to the above that if a circle be described about each point of 
C with a radius proportional to the distance from its center to a fixed straight 
line, the envelope of the family will be a secondary caustic with respect to a 
system of parallel rays. 


Il. CURVATURE 


205. Radius of curvature. The first idea of curvature is that the 
curvature of one curve is greater than that of another if 1t recedes 
more rapidly from its tangent. In order to render this somewhat 
vague idea precise, let us first consider the case of a circle. Its 
curvature increases as its radius diminishes; it is therefore quite 
natural to select as the measure of its curvature the simplest func- 
tion of the radius which increases as the radius diminishes, that 
is, the reciprocal 1/R of the radius. Let AB be an arc of a circle 
of radius R which subtends an angle w at the center. The angle 
between the tangents at the extremities of the arc AB is also w, and 
the length of the arc iss = Rw. Hence the measure of the curva- 
ture of the circle is w/s. This last definition may be extended to 
an arc of any curve. Let 4B be an arc of a plane curve without a 
point of inflection, and w the angle between the tangents at the 
extremities of the arc, the directions of the tangents being taken 
in the same sense according to some rule, —the direction from A 
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toward B, for instance. Then the quotient w/are AB is called the 
average curvature of the arc AB. As the point B approaches the 
point A this quotient in general approaches a limit, which is called 
the curvature at the point A. The 
radius of curvature at the point A is 
defined to be the radius of the circle 
which would have the same curvature 
which the given curve has at the point 
A; itis therefore equal to the recipro- 
cal of the curvature. Let s be the 
length of the are of the given curve 
measured from some fixed point, and 
a the angle between the tangent and 
some fixed direction, —the x axis, for example. Then it is clear 
that the average curvature of the arc AB is equal to the absolute 
value of the quotient Aa/As; hence the radius of curvature is given 
by the formula 


Fig. 41 


ds 
Let us suppose the equation of the given curve to be solved for y 


in the form y = f(x). Then we shall have 


" 
a=arctany’, da = fe ds =V1+ y'* dz, 


and hence ; 
12 
(17) R=+ cat aa 


Since the radius of curvature is essentially positive, the sign + 
indicates that we are to take the absolute value of the expression 
on the right. Ifa length equal to the radius of curvature be laid 
off from A upon the normal to the given curve on the side. toward 
which the curve is concave, the extremity J is called the center of 
curvature. The circle described about J as center with R as radius 
is called the circle of curvature. The codrdinates (2, ¥) of the 
center of curvature satisfy the two equations 
12\3 
Ge) a yy! = 0) ar ea a) = See 
which express the fact that the point lies on the normal at a dis- 
tance R from A, From these equations we find, on eliminating ~,, 


pai 


yy, — + —* 
idee oe 
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In order to tell which sign should be taken, let us note that if y'’ is 
positive, as in Fig. 41, y, — y must be positive; hence the positive 
sign should be taken in this case. If y''is negative, y, — y is nega- 
tive, and the positive sign should be taken in this case also. The 
coérdinates.of the center of curvature are therefore given by the 
formule 


(18) Vises J 


ii SU ieee CA ae 


When the coérdinates of a point (a, y) of the variable curve are 
given as functions of a variable parameter ¢, we have, by § 33, 


, aa dy — dy dz 
dx = da? ; 
and the formule (17) and (18) become 
_ (da? + dy) 
fee dx d?y—dy aa 


dy(da? + dy?) dx(dx? + dy?) 
Ly — eS — -—y= 


dx d*y — dy dx ELSE d?y — dy aa 


(19) 


At a point of inflection y'’ = 0, and the radius of curvature is 
infinite. At a cusp of the first kind y can be developed according 
to powers of x”? in a series which begins with a term in x; hence 
y' has a finite value, but y" is infinite, and therefore the radius of 
curvature is zero. 


Note. When the coérdinates are expressed as functions of the arc s of the 
curve, 


c= ¢(s), y=¥(s), 
the functions ¢ and y satisfy the relation 
$7 (8) + ¥/7(s) =1, 
since dz? + dy? = ds?, and hence they also satisfy the relation 
vo +VY" =0. 
Solving these equations for ¢’ and y’, we find 


poet ys 
Vo"? zs y/”2 


p”’ 


Ce aes et 
y Vo72 + y/72 


y= 


where € = + i, and the formula for the radius of curvature takes on the espe- 
cially elegant form 


(20) a = OP + WOE. 
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206. Evolutes. The center of curvature at any point is the limit- 
ing position of the point of intersection of the normal at that point 
with a second normal which approaches the first one as its limiting 
position. For the equation of the normal is 


X—x+(VY—-y)y'=90, 


where X and Y are the running codrdinates. In order to find the 
limiting position of the point of intersection of this normal with 
another which approaches it, we must solve this equation simulta- 
neously with the equation obtained by equating the derivative of the 
left-hand side with respect to the variable parameter 2, 1.e. 


ae AE (ve yyy! = (oe 


The value of Y found from this equation is precisely the ordinate 
of the center of curvature, which proves the proposition. It follows 
that the locus of the center of curvature is the envelope of the 
normals of the given curve, i.e. 1ts evolute. 

Before entering upon a more precise discussion of the relations 
between a given curve and its evolute, we shall explain certain con- 
ventions. Counting the length of the arc of the given curve ina 
definite sense from a fixed point as origin, and denoting by a the 
angle between the positive direction of the x axis and the direction 
of the tangent which corresponds to increasing values of the arc, 
we shall have tana =+y/', and therefore 
a 1 es da 
Vie Oe ds 


On the right the sign + should be taken, for if x and s increase 
simultaneously, the angle a is acute, whereas if one of the varia- 
bles a and s increases as the other decreases, the angle @ is obtuse 
($ 81). Likewise, if @ denote the angle between the y axis and the 
tangent, cos B = dy/ds. The two formule may then be written 

dy 


dx ‘ y 
cosa = —> sna=—) 
ds ds 


COs @ = 


where the angle @ is counted as in Trigonometry. 

On the other hand, if there be no point of inflection upon the 
given arc, the positive sense on the curve may be chosen in such a 
way that s and @ increase simultaneously, in which case R = ds/da 
all along the are. Then it is easily seen by examining the two. 
possible cases in an actual figure that the direction of the segment 
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starting at the point of the curve and going to the center of curva- 
ture makes an angle a, = a + 7/2 with the waxis. The codrdinates 
(x1, y:) of the center of curvature are therefore given by the formule 


24 ; 
m= 2+ Reos(a+Z)=2—R sina, 


n=y+Rsin(atZ)=y+ Roose, 


whence we find 


dx, = cosads — Rcosada — sinadR=— sinadR, 
dy, = snads—R sineda+cosadR= cosadR. 
In the first place, these formule show that dy,/dx, =— cot a, which 


proves that the tangent to the evolute is the normal to the given 
curve, as we have already seen. Moreover ; 


dS, == a0; dyaaR*, 


or ds, =tdR. Let us suppose for definiteness that the radius 
of curvature constantly increases as we proceed along the curve C 
(Fig. 42) from M, to M,, and let us choose the positive sense of 
motion upon the evolute (D) in such a way 
that the arc s, of (D) increases simultane- 
ously with Rk. Then the preceding formula 
becomes ds, = dR, whence s;=R+C. It 
follows that the are J, /, = R, — R,, and we 
see that the length of any are of the evolute 

is equal to the difference between the two 
radii of curvature of the curve C which cor- M, 
respond to the extremities of that are. 

This property enables us to construct the 
involute C mechanically if the evolute (D) be 
given. If a string be attached to (D) at an 
arbitrary point A and rolled around (D) to J,, thence following the 
tangent to M,, the point M, will describe the involute C as the 
string, now held taut, is wound further on round (D). This con- 
struction may be stated as follows: On each of the tangents /M of 
the evolute lay off a distance /M = /, where / + s = const., s being 
the length of the arc AJ of the evolute. Assigning various values 
to the constant in question, an infinite number of involutes may be 
drawn, all of which are obtainable from any one of them by laying 
off constant lengths along the normals. 


Fia. 42 
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All of these properties may be deduced from the general formula 
for the differential of the length of a straight line segment (§ 82) 


dl = — do, COS w, — dae COS wo. 


If the segment is tangent to the curve described by one of its 
extremities and normal to that described by the other, we may set 
o, = 7, w, = 7/2, and the formula becomes di —do, =0. If the 
straight line is normal to one of the two curves and / is constant, 
dl = 0, cos w, = 0, and therefore cos w, = 0. 

The theorem stated above regarding the are of the evolute depends 
essentially upon the assumption that the radius of curvature con- 
stantly increases (or decreases) along the whole arc considered. If 
this. condition is not satisfied, the statement of the theorem must 
be altered. In the first place, if the radius of curvature is a maxi- 
mum or a minimum at any point, dR = 0 at that point, and hence 


f dx,=dy,=0. Such a point is a cusp on 
the evolute. If, for example, the radius 
I I, of curvature is a maximum at the point 


(Fig. 43), we shall have 
are II, = IM — 1,M,, 
are II, = IM — I, My, 
M, whence 
a 7 arcy lip spo Ii Td ae 
Bies49 Hence the difference 7, M, — I, M, is equal 
to the difference between the two arcs JJ, and J/, and not their sum. 


207. Cycloid. The cycloid is the path of a point upon the circumference of a 
circle which rolls without slipping on a fixed straight line. Let us take the 


fixed line as the x axis and locate the origin at a point where the point chosen on 
the circle lies in the e axis. When the circle has rolled to the point I (Fig. 44) 
the point on the circumference which was at O has come into the position M, 
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where the circular arc IM is equal to the segment OJ. Let us take the angle ¢ 
between the radii CM and CJ as the variable parameter. Then the codrdinates 
of the point M are 


«= Ol—IP=R¢-— Rsin¢g, y=MP=I1C+CQ=R- Roeos¢, 


where P and Q are the projections of M on the two lines OI and IT, respec- 
tively. It is easy to show that these formule hold for any value of the angle ¢. 
In one complete revolution the point whose path is sought describes the arc 
OBO,. If the motion be continued indefinitely, we obtain an infinite number 
of arcs congruent to this one. From the preceding formule we find 
«= R(¢ — sing), dz = R(1— cos ¢)d¢, @x = Rsin ¢ d¢?, 
y = R(1—cos¢), dy=Rsingdg, — d?y = Rcos¢d¢?, 
and the slope of the tangent is seen to be 
dy — Eel Das = cot £, 
dz, 1--cos@ 2 


which shows that the tangent at M is the straight line MT, since the angle 
MTC = ¢$/2, the triangle MTC being isosceles. Hence the normal at M is the 
straight line MI through the point of tangency J of the fixed straight line with 
the moving circle. For the length of the arc of the cycloid we find 


ds? = R2d¢? (sin? + (1 — cos ¢)?] = 4h? sin? : dg? or ds=2Rsin ; do, 


if the arc be counted in the sense in which it increases with ¢. Hence, counting 
the arc from the point O as origin, we shall have 


s=4n(1— cos). 
2 


Setting ¢ = 27, we find that the length of one whole section OBO; is 8k. The 
length of the arc OMB from the origin to the maximum B is therefore 4R, and 
the length of the arc BM (Fig. 44) is 4R cos¢/2. From the triangle MTC the 
length of the segment MT is 2R cos¢/2; hence arc BM = 2MT. 

Again, the area up to the ordinate through M is 


p g 
_ = 2 2 
A= fi yde = f R2 (1 — 2 cos + cos?) dg 


? fo 
ef (5-2 e089 + © coset ae, 
RON 


sin ane) 


or 
a=(3 ¢ —2sing + 


Hence the area bounded by the whole are OBO, and the base OO, is 387 h?, that 
is, three times the area of the generating circle. (GALILEO.) 
The formula for the radius of curvature of a plane curve gives for the cycloid 


8R8sin3 ‘ dg? 
pees ee Rain’. 
28? sin? g d¢® 
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On the other hand, from the triangle MCI, MI = 2Rsin¢/2. Hence p = 2MTI, 
and the center of curvature may be found by extending the straight line MI 
past I by its own length. This fact enables us to determine the evolute easily. 
For, consider the circle which is symmetrical to the generating circle with 
respect to the point 7. Then the point M’ where the line MJ cuts this second 
circle is evidently the center of curvature, since M’I = MI. But we have 


arc I’M’ = wR — arc IM’ = xR — arc IM = zk — OF, 
or 
arcu i=" O Hes Ollie ltE lee aa 
Hence the point M’ describes a cycloid which is congruent to the first one, the 
cusp being at B’ and the maximum at O. As the point M describes the arc 
BO,, the point M’ describes a second are B’O,; which is symmetrical to the are 
OB’ already described, with respect to BB’. 


208. Catenary. The catenary is the plane curve whose equation with respect 
to a suitably chosen set of rectangular axes is 


x x 
(21) y=E (e+e). 


From (21) we find 


2 


2 
pe  —& Le fete eee y (ez + ¢-¢) 2 
Ye (ee Ca ea (Cat tC | me 7 SE 
_ 2 a 4 a 


If @ denote the angle which the tangent TM makes with the z axis, the formula 
for y’ gives 


gig ee ORG = ee a 
LL ee eT), 
et+e @ ew#+e @ 
The radius of curvature is given by the formula 
pi Gtyy_ vw 
ae a 
But, in the triangle MPN, MP = MN cos ¢; hence 
WE OP 
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It follows that the radius of curvature of the catenary is equal to the length of 
the normal MN. The evolute may be found without difficulty from this fact. 
The length of the arc AWM of the catenary is given by the formula 


Boe yee 
a a x x 
“=f Cet Rte Ales ec a\h 
fy 2 2 


ors=ysing. If a perpendicular Pm be dropped from P (Fig. 45) upon the 
tangent MT, we find, from the triangle PMm, 


Mii MEP sing = Sa 


Hence the arc AWM is equal to the distance Mm. 


209. Tractrix. The curve described by the point m (Fig. 45) is called the 
tractrix. It is an involute of the catenary and has a cusp at the point A. The 
length of the tangent to the tractrix is the distance mP. But, in the triangle 
MPm, mP = ycos¢=a; hence the length mP measured along the tangent to 
the tractrix from the point of tangency to the x axis is constant and equal to a. 
The tractrix is the only curve which has this property. 

Moreover, in the triangle MTP, Mm x mT =a?. Hence the product of the 
radius of curvature and the normal is a constant for the tractrix. This property 
is shared, however, by an infinite number of other plane curves. 

The coérdinates (a1, yi) of the point m are given by the formule 


x _2« 
e@#—e a 
m1=2—scos¢=2r—a =) 
e*+e 4 
= sSsing = ae 
Jiu g= z mee 
ea+e 4 


or, setting e*/¢ = tan 0/2, the equations of the tractrix are 
6 : 
(22) %, = acosé+alog (‘an ;) ’ Yi =asiné. 


As the parameter @ varies from 2/2 to z, the point (#1, y1) describes the arc 
Amn, approaching the x axis as asymptote. As @ varies from 7/2 to 0, the 
point (x1, y1) describes the arc Am/’n’, symmetrical to the first with respect to 
the y axis. The arcs Amn and Am/n’ correspond, respectively, to the arcs AM 
and AM’ of the catenary. 


210. Intrinsic equation. Let us try to determine the equation of a plane 
curve when the radius of curvature R is given as a function of the arc s, 
R= ¢(s). Let @ be the angle between the tangent and the « axis; then 
R=++ds/da, and therefore 

ds_, ds 


da@jat ]— =+ —. 
a a) 


* ds 
= + —— 
a (64%) i) yi (s) ? 


A first integration gives 
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and two further integrations give x and y in the form 
s s 
a= to + f cosads, y=vr+f sinads. 
§ a) 


The curves defined by these equations depend upon the three arbitrary con- 
stants 2, Yo, and @. But if we disregard the position of the curve and think 
only of its form, we have in reality merely a single curve. For, if we first con- 
sider the curve C defined by the equations 


xe fe lar 9) | a, v= fosinl fo at, | 


the general formule may be written in the form 
2=%+ X cosa — Ysinado, 
yY¥=Yot X sin a+ Y cosa, e 


if the positive sign be taken. These last formule define simply a transforma- 
tion to a new set of axes. If the negative sign be selected, the curve obtained 
is symmetrical to the curve C with respect to the X axis. A plane curve is 
therefore completely determined, in so far as its form is concerned, if its radius 
of curvature be known as a function of the arc. The equation R= ¢(s) is 
called the intrinsic equation of the curve. More generally, if a relation between 
any two of the quantities R, s, and @ be given, the curve is completely deter- 
mined in form, and the expressions for the codrdinates of any point upon it 
may be obtained by simple quadratures. 
For example, if R be known as a function of a, R=/(a), we first find 

ds = f(a) da, and then 

dz = cosaf(a)da, 

dy = sinaf(a)da, 


whence « and y may be found by quadratures. If R is a constant, for instance, 
these formule give 
L=%+RKsina, = Yo — Roosa, 


and the required curve is a circle of radius R. This result is otherwise evident 
from the consideration of the evolute of the required curve, which must reduce 
to a single point, since the length of its arc is identically zero. 

As another example let us try to find a plane curve whose radius of curva- 
ture is proportional to the reciprocal of the arc, R = a?/s. The formule give 


s 
sds $2 


ar eset | 
2 2 
ee! 2a 


s s 
32 ROS 
i cos —— ds, Y= sin — ds. 
fe 2a fk 2a? 


Although these integrals cannot be evaluated in explicit form, it is easy to gain 
an idea of the appearance of the curve. As 8 increases from 0 to + 0, 2 and y 
each pass through an infinite number of maxima and minima, and they approach 
the same finite limit. Hence the curve has a spiral form and approaches 
asymptotically a certain point on the line y =a. 


and then 
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III. CONTACT OF PLANE CURVES 


211. Order of contact. Let C and C' be two plane curves which 
are tangent at some point A. To every point m on C let us assign, 
according to any arbitrary law whatever, a point m! on C', the only 
requirement being that the point m! 
should approach A with m. Taking 
the arc Am—or, what amounts to 
the same thing, the chord 4m—as 
the principal infinitesimal, let us first 
investigate what law of correspond- 
ence will make the order of the infin- 
itesimal mm! with respect to Am as 
large as possible. Let the two curves © 
be referred to a system of rectangular 
or oblique cartesian coérdinates, the axis of y not being parallel to the 
common tangent AT. Let 


(C) y = fle), 
(c’) Y = F(2) 


Fic. 46 


be the equations of the two curves, respectively, and let (a), y) be 
the codrdinates of the point A. Then the codrdinates of m will 
be [a + A, f(@) + h)], and those of m' will be [x + kh, F(a) +k)], 
where & is a function of / which defines the correspondence between 
the two curves and which approaches zero with h. 

The principal infinitesimal 4m may be replaced by h = ap, for 
the ratio ap/Am approaches a finite limit different from zero as the 
point m approaches the point A. Let us now suppose that mm!’ is 
an infinitesimal of order r+1 with respect to h, for a certain 
method of correspondence. Then mm" is of order 2r +2. If 6 
denote the angle between the axes, we shall have 


mm! = [F(a + k) — f(a) + h) + (k — h) cos OF + (k — h)? sin? 6; 


hence each of the differences k — h and F(a) + k) — f(a +) must 
be an infinitesimal of order not less than r + 1, that is, 


k=h+ah*, F(a + k) — f(% + h) = Br*?, 


where a and £ are functions of 4 which approach finite limits as h 
approaches zero. The second of these formule may be written in 


the form 
F(%o +h + ah’*") — f(a) + h) = Ba*?. 
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If the expression F(x +h + ah"*!) be developed in powers of a, 
the terms which contain a form an infinitesimal of order not less 
than r +1. Hence the difference 


A = F(a +h) — f(a +h) 


is an infinitesimal whose order is not less than r + 1 and may exceed 
ry+1. But this difference A is equal to the distance mn between 
the two points in which the curves C and C' are cut by a parallel 
to the y axis through m. Since the order of the infinitesimal mm’ 
is increased or else unaltered by replacing m' by n, it follows that 
the distance between two corresponding points on the two curves is an 
infinitesimal of the greatest possible order if the two corresponding 
points always lie on a parallel to the y axis. If this greatest possi- 
ble order is 7 + 1, the two curves are said to have contact of order r 
at the point A. 


Notes. This definition gives rise to several remarks. The y axis 
was any line whatever not parallel to the tangent AT. Hence, in 
order to find the order of contact, corresponding points on the two 
curves may be defined to be those in which the curves are cut by 
lines parallel to any fixed line D which is not parallel to the tan- 
gent at their common point. The preceding argument shows that 
the order of the infinitesimal obtained is independent of the direc- 
tion of D,—a conclusion which is easily verified. Let mn and mm! 
be any two lines through a point m of the curve C which are not 
parallel to the common tangent (Fig. 46). Then, from the triangle 
mm'n, 

! 


mm sin mnm! 


mn sin mm!'n 


As the point m approaches the point 4, the angles mnm!' and mm'n 
approach limits neither of which is zero or 7, since the chord m'n 
approaches the tangent AT. Hence mm'/mn approaches a finite 
limit different from zero, and mm! is an infinitesimal of the same 
order as mn. The same reasoning shows that mm! cannot be of 
higher order than mn, no matter what construction of this kind is 
used to determine m! from m, for the numerator sin mnm!' always 
approaches a finite limit different from zero. 

The principal infinitesimal used above was the are Am or the 
chord Am. We should obtain the same results by taking the arc 
An of the curve C! for the principal infinitesimal, since Am and An 
are infinitesimals of the same order. 
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If two curves C and C' have a contact of order 7, the points m' 
on C' may be assigned to the points m on C in an infinite number 
of ways which will make mm! an infinitesimal of order r + 1, — for 
that purpose it is sufficient to set k =h + ah*t!, where s<r and 
where a is a function of 2 which remains finite for h =0. On the 
other hand, if s < 7, the order of mm! cannot exceed s + 1. 


212. Analytic method. It follows from the preceding section that 
the order of contact of two curves C and C' is given by evaluating 
the order of the infinitesimal 


Y—y=F(a, +h) —f(ymt+h) 
with respect to f. Since the two curves are tangent at 4, 
F(a) = f(x) and F'(%)) = f'(x)). It may happen that others of the 


derivatives are equal at the same point, and we shall suppose for 
the sake of generality that this is true of the first m derivatives: 


F(&) =f(%); F'(&) = f'(%) 
F"(@) = f"(%o); ara FO (ao) =f (%); 
but that the next derivatives F“+” (a) and f%*(«,) are unequal. 


Applying Taylor’s series to each of the functions F(#) and f(a), we 
find 


(28) 


h 
Y= FQ) + 7 F'@) + °° 
he pnt 


1 Spree mea ial a) arte 


12a Tip ae Toya wpe 


h 
y = Fe) + Fhe) + °° . 
m Arti 
ir eye eee 


or, subtracting, 
n+1 


(24) Y-y= = LFO#D (am) — FO"? (@) be = I, 


1.2---(7+1) 
where ¢ and ¢’ are infinitesimals. Jt follows that the order of contact 
of two curves is equal to the order n of the highest derivatives of F(x) 
and f(x) which are equal for x = aq. 

The conditions (23), which are due to Lagrange, are the necessary 
‘and sufficient conditions that «=, should be a multiple root of 
order n+ 1 of the equation F(x)= f(x). But the roots of this 
equation are the abscisse of the points of intersection of the two 
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curtes C and C’; hence it may be said that two curves which have 
contact of order n have n + 1 coincident points of intersection. 

The equation (24) shows that Y — y changes sign with A if n is 
even, and that it does not if m 1s odd. Hence curves which have 
contact of odd order do not cross, but curves which have contact of 
even order do cross at their point of tangency. It is easy to see why 
this should be true. Let us consider for definiteness a curve C’ 
which cuts another curve C in three points near the point A. If 
the curve C’ be deformed continuously in such a way that each of 
the three points of intersection approaches 4, the limiting position 
of C' has contact of the second order with C, and a figure shows that 
the two curves cross at the point 4. This argument is evidently 
general. 

If the equations of the two curves are not solved with respect to 
Y and y, which is the case in general, the ordinary rules for the 
calculation of the derivatives in question enable us to write down 
the necessary conditions that the curves should have contact of 
order 7. The problem is therefore free from any particular diffi- 
culties. We shall examine only a few special cases which arise 
frequently. First let us suppose that the equations of each of the 
curves are given in terms of an auxiliary variable 


Sey . (x=fu), 
hse) Ce Be cos 


and that w(t) = $() and w'(t)) = $'(), Le. that the curves are tan- 
gent at a point A whose codrdinates are f(t)), d(%). If f'(ty) is not 
zero, aS we shall suppose, the common tangent is not parallel to the 
y axis, and we may obtain the points of the two curves which have 
the same abscisse by setting w= ¢. On the other hand, x — a is of 
the first order with respect to ¢ — t), and we are led to evaluate the 
order of y(t) — $(¢) with respect to¢—t). In order that the two 
curves have at least contact of order n, it is necessary and sufficient 
that we should have 


(25) Who) = (4), Wo) = Fh), ry YP) =  (H), 


and the order of contact will not exceed n if the next derivatives 
yt) (to) and ¢”*” (t)) are unequal. 

Again, consider the case where the curve C is represented by the 
two equations 


(26) e=fit), y=), 


(C) 
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and the curve C' by the single equation F(x, y)=0. This case may 
be reduced to the preceding by replacing 2 in F(z, y) by f(t) and 
considering the implicit function y= y(t) defined by the equation 


Cpe a FLA, vO] = 0. 
Then the curve C' is also represented by two equations of the form 
(28) ESTO Fe) 


In order that the curves C and C’ should have contact of order n at 
a point A which corresponds to a value ¢, of the parameter, it is 
necessary that the conditions (25) should be satisfied. But the 
successive derivatives of the implicit function y(t) are given by the 
equations 


Dies AOD a hl 
ie FOG VO=O, 


OF 
Ox Oy 


“F rOr+2 2 rovo 


29 OF OF OF 
Si +5 WOP +E POF VO=9, 


? 


OF 
Ou” 


(OPH + WO =0. 


Hence necessary conditions for contact of order n will be obtained 
by inserting in these equations the relations 


t=, % = f(t); W(to) a p(t); '(t) 7 $'(ty); =e) Y™ (t) = 4” (to). 
The resulting conditions may be expressed as follows : 


Let 
F(t) = FL f@), @)]; 


then the two given curves will have at least contact of order n if and 
only if 
(30) F(t)=0, FiG)=0, +, FPG) =0. 


The roots of the equation F(¢) = 0 are the values of ¢ which cor- 
respond to points of intersection of the two given curves. Hence 
the preceding conditions amount to saying that ¢ = ¢, is a multiple 
root of order 7, i.e. that the two curves have n + 1 coincident points 
of intersection. 
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213. Osculating curves. Given a fixed curve C and another curve 
C' which depends upon n + 1 parameters a, }, ¢, ---, J, 


(81) F(x, y, a, 6, ¢,--+, 1) =09, 


it is possible in general to choose these n + 1 parameters in such a 
way that C’ and C shall have contact of order n at any preassigned 
point of C. For, let C be given by the equations « = f(t), y= $(@). 
‘Then the conditions that the curves C and C' should have contact 
of order n at the point where ¢ = ¢, are given by the equations (30), 
where 


F(t) = FLU), $(), % 8 & «5 Z). 


If t, be given, these n +1 equations determine in general the n +1 
parameters a, 6, ¢,---, 2. The curve C' obtained in this way is 
called an osculating curve to the curve C. 

Let us apply this theory to the simpler classes of curves. The 
equation of a straight line y = ax + 6 depends upon the two param- 
eters a and 0; the corresponding osculating straight lines will have 
contact of the first order. If y = f(x) is the equation of the curve C, 
the parameters a and 6 must satisfy the two equations 


S(%o) = 4% +b, S'(&) = 4; 


hence the osculating line is the ordinary tangent, as we should 


expect. 
The equation of a circle 
(32) (x —a)?+ (y — 6)?— R?=0 


depends upon the three parameters a, 6, and R; hence the corre- 
sponding osculating circles will have contact of the second order. 
Let y = f(x) be the equation of the given curve C; we shall obtain 
the correct values of a, 6, and R by requiring that the circle should 
meet this curve in three coincident points. This gives, besides the 
equation (32), the two equations 


(33) @—-at+ty—d)y=0, I+ty*+y—d)y"=0. 


The values of a and 4 found from the equations (33) are precisely 
the coordinates of the center of curvature (§ 205); hence the oscu- 
lating circle coincides with the circle of curvature. Since the con- 
tact is in general of order two, we may conclude that in general the 
circle of curvature of a plane curve crosses the curve at their point 
of tangency. 
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All the above results might have been foreseen a priori. For, 
since the coordinates of the center of curvature depend only on 
x,y, y', and y", any two curves which have contact of the second 
order have the same center of curvature. But the center of curva- 
ture of the osculating circle is evidently the center of that circle 
itself; hence the circle of curvature must coincide with the oscu- 
lating circle. On the other hand, let us consider two circles of 
curvature near each other. The difference between their radii, 
which is equal to the arc of the evolute between the two centers, 
is greater than the distance between the centers; hence one of 
the two circles must lie wholly inside the other, which could not 
happen if both of them lay wholly on one side of the curve C in 
the neighborhood of the point of contact. It follows that they 
cross the curve C. 

There are, however, on any plane curve, in general, certain points 
at which the osculating circle does not cross the curve; this excep- 
tion to the rule is, in fact, typical. Given acurve C’ which depends 
upon 2 +1 parameters, we may add to the m + 1 equations (30) the 
new equation 

Fe+b (ty) = (0) 


provided that we regard ¢ as one of the unknown quantities and 
determine it at the same time that we determine the parameters 
a,b, c,---,l. It follows that there are, in general, on any plane 
curve C, a certain number of points at which the order of con- 
tact with the osculating curve C’is 7 +1. For example, there are 
usually points at which the tangent has contact of the second order ; 
these are the points of inflection, for which y"=0. In order to find 
the points at which the osculating circle has contact of the third 
order, the last of equations (33) must be differentiated again, which 
gives 
SUG hay 0) ye ®, 


or finally, eliminating y — 4, 
(34) (A+ eat ek oy yl = 0. 


The points which satisfy this last condition are those for which 
dR/dx = 0, i.e. those at which the radius of curvature is a maxi- 
mum ora minimum. On the ellipse, for example, these points are 
the vertices; on the cycloid they are the points at which the tan- 
gent is parallel to the base. 
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214. Osculating curves as limiting curves. It is evident that an 
osculating curve may be thought of as the limiting position of a 
curve C' which meets the fixed curve C in n +1 points near a fixed 
point A of C, which is the limiting position of each of the points 
of intersection. Let us consider for definiteness a family of 
curves which depends upon three parameters a, 6, and c¢, and let 
ty + hi, ty) + he, and t) + hs be three values of ¢ near 4. The curve 
C' which meets the curve C in the three corresponding points is 
given by the three equations 


(35) F(&+)=9, F(t + he) = 0, F(t, + hz) = 0. 


Subtracting the first of these equations from each of the others and 
applying the law of the mean to each of the differences obtained, 
we find the equivalent system 


(86) F@+m)=9, F'(f, + ky) = 0, F'(t) + k,) = 0, 


where k, lies between h, and h,, and k, between h, and A;. Again, 
subtracting the second of these equations from the third and apply- 
ing the law of the mean, we find a third system equivalent to either 
of the preceding, 


(87). F@+m)=90, Fit, + hi) =0, F'(¢, + 2) =0, 


where /, lies between hk, and kz. As hy, he, and h; all approach 
zero, k,, k2, and J, also all approach zero, and the preceding equa- 
tions become, in the limit, 


F(t) — 0, F'(ty) = 0, EM (e) = 0, 


which are the very equations which determine the osculating curve. 
The same argument applies for any number of parameters whatever. 
Indeed, we might define the osculating curve to be the limiting 
position of a curve C' which is tangent to C at p points and cuts C 
at g other points, where 2p + ¢ =n +1, as all these p + g points 
approach coincidence. 

For instance, the osculating circle is the limiting position of a 
circle which cuts the given curve C in three neighboring points. It 
is also the limiting position of a circle which is tangent to C and 
which cuts C at another point whose distance from the point of 
tangency is infinitesimal. Let us consider for a moment the latter 
property, which is easily verified. 

Let us take the given point on C as the origin, the tangent at 
that point as the x axis, and the direction of the normal toward the 
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center of curvature as the positive direction of the y axis. At the 
origin, y’=0. Hence R = 1/y", and therefore, by Taylor’s series, 


yaar) 
; 2R : 

where e« approaches zero with x. It fol- 
lows that R is the limit of the expres- 
sion «?/(2y) = OP" /(2MP) as the point 
M approaches the origin. On the other 
hand, let R, be the radius of the circle 
C, which is tangent to the x axis at the 
origin and which passes through M. 
Then we shall have 


OP” = Mm" = MP(2R, — MP), 
or 
2 


OF MP! 
Opens BON 


hence the limit of the radius 2, is really equal to the radius of 
curvature R.- 


EXERCISES 


1. Apply the general formule to find the evolute of an ellipse ; of an hyper- 
bola ; of a parabola. 


2. Show that the radius of curvature of a conic is proportional to the cube 
of the segment of the normal between its points of intersection with the curve 
and with an axis of symmetry. 


3. Show that the radius of curvature of the parabola is equal to twice the 
segment of the normal between the curve and the directrix. 


4. Let F and F” be the foci of an ellipse, M a point on the ellipse, MN the 
normal at that point, and N the point of intersection of that normal and the 
major axis of the ellipse. Erect a perpendicular VK to MN at N, meeting MF 
at K. At K erect a perpendicular KO to MF, meeting MN at O. Show that 
O is the center of curvature of the ellipse at the point M. 


5. For the extremities of the major axis the preceding construction becomes 
illusory. Let AOA’ be the major axis and BO’B the minor axis of the ellipse. 
On the segments OA and OB construct the rectangle OAEB. From £ let fall 
a perpendicular on AB, meeting the major and minor axes at C and D, respec- 
tively. Show that C and D are the centers of curvature of the ellipse for the 
points A and B, respectively. 


6. Show that the evolute of the spiral p = ae” is a spiral congruent to the 
given spiral. 


452 PLANE CURVES [X, Exs. 


7. The path of any point on the circumference of a circle which rolls with- 
out slipping along another (fixed) circle is called an epicycloid or an hypocycloid. 
Show that the evolute of any such curve is another curve of the same kind. 


8. Let AB be an arc of a curve upon which there are no singular points and 
no points of inflection. At each point m of this are lay off from the point m 
along the normal at m a given constant length J in each direction. Let m, and 
mz be the extremities of these segments. As the point m describes the arc AB, 
the points m, and mz, will describe two corresponding arcs A; B; and Ag Bo. 
Derive the formule S; = S—J10, Ss =S+10, where S, S;, and Sg are the 
lengths of the arcs AB, A, B,, and A: Bz, respectively, and where @ is the angle 
between the normals at the points A and B. It is supposed that the arc A; B, 
lies on the same side of AB as the evolute, and that it does not meet the evolute. 

[Licence, Paris, July, 1879. ] 


9. Determine a curve such that the radius of curvatures p at any point M 
and the length of the arc s = AM measured from any fixed point A on the curve 
satisfy the equation as = p* + a?, where a is a given constant length. 

[Licence, Paris, July, 1883.] 


10. Let C be a given curve of the third degree which has a double point 
at O. A right angle MON revolves about the point O, meeting the curve C in 
two variable points Mand N. Determine the envelope of the straight line MN. 
In particular, solve the problem for each of the curves \y? = x3 and x3 + y? = pry. 

[Licence, Bordeaux, July, 1885. ] 


11. Find the points at which the curve represented by the equations 
x= a(nw — sinw), y = a(n — COS w) 


has contact of higher order than the second with the osculating circle. 
(Licence, Grenoble, July, 1885.] 


12. Let m, m;, and mz be three neighboring points on a plane curve. Find 
the limit approached by the radius of the circle circumscribed about the triangle 
formed by the tangents at these three points as the points approach coincidence. 


13. If the evolute of a plane curve without points of inflection is a closed 
curve, the total length of the evolute is equal to twice the difference between the 
sum of the maximum radii of curvature and the sum of the minimum radii of 
curvature of the given curve. 


14, At each point of a curve lay off a constant segment at a constant angle 
with the normal. Show that the locus of the extremity of this segment is a 
curve whose normal passes through the center of curvature of the given curve. 


15. Let r be the length of the radius vector from a fixed pole to any point of 
a plane curve, and p the perpendicular distance from the pole to the tangent. 
Derive the formula R =+ rdr/dp, where R is the radius of curvature. 


16. Show that the locus of the foci of the parabolas which have contact of 
the second order with a given curve at a fixed point is a circle. 


17. Find the locus of the centers of the ellipses whose axes have a fixed direc- 
tion, and which have contact of the second order at a fixed point with a given 
curve. 


CHAPTER XI 
SKEW CURVES 
I. OSCULATING PLANE 


215. Definition and equation. Let M7 be the tangent at a point M@ 
of a given skew curve lr. A plane through M7 and a point M' of 
I near M in general approaches a limiting position as the point M' 
approaches the point M. If it does, the limiting position of the 
plane is called the osculating plane to the curve T at the point M. 
We shall proceed to find its equation. 

Let 


(1) a=f@), y=), 2=40) 
be the equations of the curve I in terms of a parameter ¢, and let ¢ 


and ¢ + hf be the values of ¢ which correspond to the points M and 
M', respectively. Then the equation of the plane MTM' is 


ACl= a) BY 97) 420 (2 =) 0, 
where the coefficients A, B, and C must satisfy the two relations 
(2) Af() + BOO + CYO =9, 
(3) ALFE+A) —fO) + BLOC 2) —$@)] + CLYE+A) —¥@)]=9. 


Expanding f(¢+), d(¢+ %) and y(t +h) by Taylor’s series, the 
equation (3) becomes 


Ali + PylLi"O + al} + BIS O + Po lO"O+ a] += 0. 


After multiplying by /, let us subtract from this equation the equa- 
tion (2), and then divide both sides of the resulting equation by 
h?/2. Doing so, we find a system equivalent to (2) and (8): 


Af'(t) + BEt) + CY) =9, 
AL P"@) + a] + BLG"@) tel + ClW@ +] =9, 


where €,, €, and e, approach zero with A. In the limit as h 
approaches zero the second of these equations becomes 


(4) Af"(t) + Bo") + Cy'@ =0. 
453 
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Hence the equation of the osculating plane is 
(5) A(X —2) + B(Y—y)+C(Z—2)=0, 
where A, B, and C satisfy the relations 


Ade +Bdy +Cdz =0, 


6 
© A@a+Bdy+Cdz=0. 


The coefficients A, B, and C may be eliminated from (5) and (6), 
and the equation of the osculating plane may be written in the form 


X—a2 Y—y Z-2# 
da dy dz Ve 
Cx d*y az 


Among the planes which pass through the tangent, the osculating 
plane is the one which the curve lies nearest near the point of tan- 
gency. ‘To show this, let us consider any other plane through the 
tangent, and let F(¢) be the function obtained by substituting 
SE+h), (+4), W(t +h) for X, Y, Z, respectively, in the left-hand 
side of the equation (5), which we shall now assume to be the equa- 
tion of the new tangent plane. Then we shall have 


P(t) = {5 LAP + BOND) + CH" + a), 


where y approaches zero with 4. The distance from any second 
point M' of IT near M to this plane is therefore an infinitesimal of 
the second order ; and, since F(t) has the same sign for all sufficiently 
small values of h, it is clear that the given curve lies wholly on one 
side of the tangent plane considered, near the point of tangency. 

These results do not hold for the osculating plane, however. For 
that plane, 4f" + Bd" + Cy''=0; hence the expansions for the 
coordinates of a point of IT must be carried to terms of the third 
order. Doing so, we find 


h Ad@a+t+Bd C dz 
P() = 7g (a ees 


12.3 dt? 


It follows that the distance from a point of T to the osculating 
plane is an infinitesimal of the third order; and, since F(t) changes 
sign with h, it is clear that a skew curve crosses its osculating plane 
at their common point. These characteristics distinguish the oscu- 
lating plane sharply from the other tangent planes. 
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216. Stationary osculating plane. The results just obtained are not 
valid if the coefficients A, B, C of the osculating plane satisfy the 
relation 


(7) Aa + BAY +Cd2=0. 


If this relation is satisfied, the expansions for the codrdinates must 
be carried to terms of the fourth order, and we should obtain a 
relation of the form 


hi vA d* d* 4 
ey (Oe et ee +). 


1.2.3.4 dt* 


The osculating plane is said to be stationary at any point of T for 
which (7) is satisfied; if Ad*a + Bd*ty+Cd*z does not vanish 
also, —and it does not in general, — F(t) changes sign with / and 
the curve does not cross its osculating plane. Moreover the distance 
from a point on the curve to the osculating plane at such a point is 
an infinitesimal of the fourth order. On the other hand, if the 
relation Ad*x + Bd*y+ Cd*z=0 is satisfied at the same point, 
the expansions would have to be carried to terms of the fifth order ; 
and so on. 
Eliminating 4, B, and C between the equations (6) and (7), we 
obtain the equation 
dx dy dz 
(8) Nel eed Ose as), 
Cau ay Oz 


whose roots are the values of ¢ which correspond to the points of [ 
where the osculating plane is stationary. There are then, usually, 
on any skew curve, points of this kind. 

This leads us to inquire whether there are curves all of whose 
osculating planes are stationary. To be precise, let us try to find 
all the possible sets of three functions a, y, z of a single variable ¢, 
which, together with all their derivatives up to and including those 
of the third order, are continuous, and which satisfy the equation 
(8) for all values of ¢ between two limits a and b (a <0). 

Let us suppose first that at least one of the minors of A which 
correspond to the elements of the third row, say da d?y — dy d?x, does 
not vanish in the interval (a, 6). The two equations 


9 dz=C, dx+C, dy, 
©) @z=C,d’?x+C,d*y, 


456 SKEW CURVES [ XI, § 216 


which are equivalent to (6), determine C, and C, as continuous 
functions of ¢ in the interval (a, 4). Since A = 0, these functions 
also satisfy the relation 


(10) Pz=C,@a + C,dy. 


Differentiating each of the equations (9) and making use of (10), 


we find 
dC, dx + dC, dy = 0, dC,@«2+dC,d*y=0, 


whence dC, = dC, =0. It follows that each of the coefficients C, 
and C, is a constant; hence a single integration of the first of 
equations (9) gives 

2= Ce +Coy + Cz, 


where Cy, is another constant. This shows that the curve I is a 
plane curve. 


If the determinant dx d?y — dy d?x vanishes for some value c of the variable t 
between a and 0, the preceding proof fails, for the coefficients C; and C, might 
be infinite or indeterminate at such a point. Let us suppose for definiteness 
that the preceding determinant vanishes for no other value of ¢ in the interval 
(a, b), and that the analogous determinant dx d?z — dzd?x does not vanish for 
t=c. The argument given above shows that all the points of the curve I which 
correspond to values of ¢ between a and ¢ lie in a plane P, and that all the 
points of T which correspond to values of ¢ between c and 6 also lie in some 
plane Q. But ded?z —dzd*x does not vanish for =c; hence a number h 
can be found such that that minor does not vanish anywhere in the interval 
(c—h, c+h). Hence all the points on I which correspond to values of ¢ 
between c —h and c+h must lie in some plane R. Since R must have an 
infinite number of points in common with P and also with Q, it follows that 
these three planes must coincide. 

- Similar reasoning shows that all the points of T lie in the same plane unless 
all three of the determinants 


dx d?y — dy d*x, dx d*z — dzd?z, dy dz — dzd?y 


vanish at the same point in the interval (a, b). If these three determinants do 
vanish simultaneously, it nay happen that the curve I is composed of several 
portions which lie in different planes, the points of junction being points at 
which the osculating plane is indeterminate.* 

If all three of the preceding determinants vanish identically in a certain 
interval, the curve I is a straight line, or is composed of several portions of 
straight lines. If dx/dt does not vanish in the interval (a, 6), for example, we 
may write 

d?y dx — dy dx _ Padz—dz@Pe _ 
CE (deat a 


dy = Cidz, dz = C2.dz, 


whence 


*This singular case seems to have been noticed first by Peano. It is evidently of 
interest only {rom a purely analytical standpoint. 
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where C; and C2 are constants. Finally, another integration gives 
y= Cyr t+ Cj, 2=C2%+ C3, 
which shows that I is a straight line. 
217. Stationary tangents. The preceding paragraph suggests the study of 


certain points on a skew curve which we had not previously defined, namely 
the points at which we have 


(11) 


ax dy dz 
dz dy dz 


The tangent at such a point is said to be stationary. It is easy to show by the 
formula for the distance between a point and a straight line that the distance 
from a point of I to the tangent at a neighboring point, which is in general an 
infinitesimal of the second order, is of the third order for a stationary tangent. 
If the given curve I is a plane curve, the stationary tangents are the tangents at 
the points of inflection. The preceding paragraph shows that the only curve 
whose tangents are all stationary is the straight line. 

At a point where the tangent is stationary, A= 0, and the equation of the 
osculating plane becomes indeterminate. But in general this indetermination 
can be removed. For, returning to the calculation at the beginning of § 215 
and carrying the expansions of the coérdinates of M’ to terms of the third order, 
it is easy to show, by means of (11), that the equation of the plane through M’ 
and the tangent at M is of the form 


xA—2 Y-y Z—2z 
f'() ca) v(t) =0, 
74) —- €& g(t) + €2 ye) ails €3 
where €, €2, €s approach zero with h. Hence that plane approaches a perfectly 


definite limiting position, and the equation of the osculating plane is given by 
replacing the second of equations (6) by the equation 


A@xz+ Bay +Cdz=0. 
If the codrdinates of the point M also satisfy the equation 


Be dy dz 
dx dy dz 


Sh 


the second of the equations (6) should be replaced by the equation 
Adiz= Bdty + Cdzz=0, 


where q is the least integer for which this latter equation is distinct from the 
equation Adw= Bdy+Cdz=0. The proof of this statement and the exami- 
nation of the behavior of the curve with respect to its osculating plane are left 
to the reader. 

Usually the preceding equation involving the third differentials is sufficient, 
and the coefficients A, B, C do not satisfy the equation 


Adtz+ Bdty+ Cdtz=0. 


In this case the curve crosses every tangent plane except the osculating plane, 
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218. Special curves. Let us consider the skew curves I’ which satisfy a 
relation of the form 


(12) ady —ydx= Kdz, 
where K is a given constant. From (12) we find immediately 


cdy— y@r= Kdz, 


ve) cy —yd«+ dxd*y —dyd’z= K dz. 


Let us try to find the osculating plane of I which passes through a given point 
(a, b, c) of space. The coordinates (x, y, z) of the point of tangency must satisfy 
the equation 
a—xz b—y c—Zz 
da dy dz =10> 
Ge dy dz 


which, by means of (12) and (13), may be written in the form 
(14) ay —ba+ K(c—z)=0. 


Hence the possible points of tangency are the points of intersection of the 
curve I with the plane (14), which passes through (a, 8, c). 

Again, replacing dz, d?z and dz by their values from (12) and (13), the equa- 
tion A = 0, which gives the points at which the osculating plane is stationary, 


becomes 
1 


j\ = Tene — dy d*x)? = 0; 
hence we shall have at the same points 


Pe Gy yPu—xdy dz 
dx dy  yde—axdy dz’ 


which shows that the tangent is stationary at any point at which the osculating 
plane is stationary. 

It is easy to write down the equations of skew curves which satisfy (12) ; for 
example, the curves . 


C= Ate, f= Dt. Z=Cimtn, 


where A, B, C, m, and n are any constants, are of that kind. Of these 
the simplest are the skew cubic «=t, y=t?, z=, and the skew quartic 
z=t, y=t3, 2=t4. The circular helix 


= (0. COS tn y=asint, 2= Kt 


is another example of the same kind. 
In order to find all the curves which satisfy (12), let us write that equation in 


the form 
d(xy — Kz) = 2yda. 
If we set 


= f(t), sy — Kz = 9(t), 
the preceding equation becomes 


2yf’(t) = ¢’(t). 
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Solving these three equations for z, y, and z, we find the general equations of I 
in the form 

(5), waft), v= 29, xm MeO 
2f’(t) 2f’(t) 
where f(¢) and ¢(t) are arbitrary functions of the parameter ¢t. It is clear, how- 
ever, that one of these functions may be assigned at random without loss of 
generality. In fact we may set f(t) = ¢, since this amounts to choosing f(t) as a 
new parameter. 


II. ENVELOPES OF SURFACES 


Before taking up the study of the curvature of skew curves, we 
shall discuss the theory of envelopes of surfaces. 


219. One-parameter families. Let S be a surface of the family 


(16) S(%) Y % %) =9, 
where a is the variable parameter. If there exists a surface E-which 
is tangent to each of the surfaces S along a curve C, the surface E 
is called the envelope of the family (16), and the curve of tangency 
C of the two surfaces S and E is called the characteristic curve. 

In order to see whether an envelope exists it is evidently neces- 
sary to discover whether it is possible to find a curve C on each of 
the surfaces S such that the locus of all these curves is tangent to 
each surface S along the corresponding curve C. Let (a, y, 2) be 
the codrdinates of a point M on a characteristic. If M is not a 
singular point of S, the equation of the tangent plane to S at M is 


waa) tty t fe-9=0 


As we pass from point to point of the surface E, x, y, z, and a are 
evidently functions of the two independent variables which express 
the position of the point upon £, and these functions satisfy the 
equation (16). Hence their differentials satisfy the relation 
0 0 0 
(17) oF a + fay +22 det Lda =0. 

Moreover the necessary and sufficient condition that the tangent 
plane to # should coincide with the tangent plane to S is 

af 


0 0 


Eg oy Oz 


or, by (17), 
(18) = Ol 
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Conversely; it is easy to show, as we did for plane curves (§ 201), 
that the equation R(a, y, ~) = 0, found by eliminating the param- 
eter a between the two equations (16) and (18), represents one or 
more analytically distinct surfaces, each of which is an envelope 
of the surfaces S or else the locus of singular points of S, or a com- 
bination of the two. Finally, as in § 201, the characteristic curve 
represented by the equations (16) and (18) for any given value of a 
is the limiting position of the curve of intersection of S with a 
neighboring surface of the same family. 


220. Two-parameter families. Let S be any surface of the two- 
parameter family 


(19) S(@; Y, %) a, b) = 0, 


where a and 6 are the variable parameters. There does not exist, 
in general, any one surface which is tangent to each member of this 
family all along a curve. Indeed, let 6 = ¢(a) be any arbitrarily 
assigned relation between a and 6 which reduces the family (19) to 
a one-parameter family. Then the equation (19), the equation 
b= ¢(a), and the equation 


(20) LE aw =0 


represent the envelope of this one-parameter family, or, for any 
fixed value of a, they represent the characteristic on the correspond- 
ing surface S. This characteristic depends, in general, on ¢'(a), 
and there are an infinite number of characteristics on each of the 
surfaces S corresponding to various assignments of ¢(a). There- 
fore the totality of all the characteristics, as a and } both vary arbi- 
trarily, does not, in general, form a surface. We shall now try to 
discover whether there is a surface HE which touches each of the 
family (19) in one or more points, — not along a curve. If such a 
surface exists, the codrdinates (a, y, z) of the point of tangency of 
any surface S with this envelope E are functions of the two variable 
parameters a and 6 which satisfy the equation (19) ; hence their dif- 
ferentials dx, dy, dz with respect to the independent variables a 
and 6 satisfy the relation 


a 
(21) sb de + ay + ae +2 aa a+ =O. 
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Moreover, in order that the surface which is the locus of the point 
of tangency (a, y, x) should be tangent to S, it is also necessary 
that we should have 


of 


On Sa, +f ax =0, 


ans 


or, by (21), 
of dae of db=0. 


da 0b 
Since a and é are independent variables, it follows that the equations 
: of 7) 
(22) = 0, af =0 


must be satisfied simultaneously by the coérdinates (a, y, z) of the 
point of tangency. Hence we shall obtain the equation of the 
envelope, if one exists, by eliminating a and 0 between the three 
equations (19) and (22). The surface obtained will surely be tan- 
gent to S at (x, y, z) unless the equations 

ies Ob afer 

Ox by Oz 
are satisfied simultaneously by the values («, y, 2) which satisfy (19) 
and (22); hence this surface is either the envelope or else the locus 
of singular points of S. 

We have seen that there are two kinds of envelopes, depending 
on the number of parameters in the given family. For example, 
the tangent planes to a sphere form a two-parameter family, and 
each plane of the family touches the surface at only one point. 
On the other hand, the tangent planes to a cone or to a cylinder 
form a one-parameter family, and each member of the family is 
tangent to the surface along the whole length of a generator. 


221. Developable surfaces. The envelope of any one-parameter family 
of planes is called a developable surface. Let 

Cee z=an+yf(a) + $(a) 
be the equation of a variable plane P, where a is a parameter and 
where f(a) and $(a) are any two functions of a. Then the equa- 
tion (23) and the equation 

(24) z+ yf'(a) + ¢'(a@) =0 
represent the envelope of the family, or, for a given value of a, they 
represent the characteristic on the corresponding plane. But these 
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two equations represent a straight line; hence each characteristic 
is a straight line G, and the developable surface is a ruled surface. 
We proceed to show that all the straight lines G are tangent to the 
same skew curve. In order to do so let us differentiate (24) again 
with regard to a. The equation obtained 


(25) y f(a) + oa) = 0 
determines a particular point Mon G. We proceed to show that G 
is tangent at M to the skew curve I which M describes as a varies. 
The equations of T are precisely (23), (24), (25), from which, if we 
desired, we might find x, y, and z as functions of’ the variable 
parameter a. Differentiating the first two of these and using the 
third of them, we find the relations 


(26) dz=adu+f(a)dy, da+f'(a)dy=0, 


which show that the tangent to [is parallel to G. But these two 
straight lines also have a common point; hence they coincide. 

The osculating plane to the curve T is the plane P itself. To 
prove this it is only necessary to show that the first and second 
differentials of x, y, and 2 with respect to a satisfy the relations 


dz=adx + f(a)dy, 
P2=ad'x + fla)dy. 


The first of these is the first of equations (26), which is known to 
hold. Differentiating it again with respect to a, we find 


Pz=adx+ f(a)d*y + [dx + f'\(a)dy|da, 


which, by the second of equations (26), reduces to the second of the 
equations to be proved. 

It follows that any developable surface may be defined as the locus 
of the tangents to a certain skew curve T. In exceptional cases the 
curve I may reduce to a point at a finite or at an infinite distance; 
then the surface is either a cone or a cylinder. This will happen 
whenever f(a) = 0. 

Conversely, the locus of the tangents to any skew curve I is a 
developable surface. For, let 


c=f%), y=¢0), z=) 
be the equations of any skew curve I. The osculating planes 


A(X — 2) + B(Y —y)+ C(Z—2)=0 
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form a one-parameter family, whose envelope is given by the pre- 
ceding equation and the equation 


dA(X — a) 4+ dB(Y —y)+dC(Z — 2) =0. 
For any fixed value of ¢ the same equations represent the charac- 
teristic in the corresponding osculating plane. We shall show that 


this characteristic is precisely the tangent at the corresponding 
point of Tf. It will be sufficient to establish the equations 


Adx+ Bdy+ Cdz=0, dAdx+dBdy+dCdz=0. 


The first of these is the first of (6), while the second is easily 
obtained by differentiating the first and then making use of the 
second of (6). It follows that the characteristic is parallel to 
the tangent, and it is evident that each of them passes through 
the point (a, y, #); hence they coincide. 

This method of forming the developable gives a clear idea of 
the appearance of the surface. Let 4B be an arc of a skew curve. 
At each point M of AB draw the tangent, and consider only that 
half of the tangent which extends in a certain direction, —from A 
toward B, for example. These half rays form one nappe S, of the 
developable, bounded on three sides by the arc AB and the tan- 
gents A and B and extending to infinity. The other ends of the tan- 
gents form another nappe S, similar to S, and joined to S, along the 
arc AB. Toan observer placed above them these two nappes appear 
to cover each other partially. It is evident that any plane not tan- 
gent to I through any point O of AB cuis the two nappes S, and S, 
of the developable in two branches of a curve which has a cusp at 0. 
The skew curve T is often called the edge of regression of the 
developable surface.* 

It is easy to verify directly the statement just made. Let us 
take O as origin, the secant plane as the xy plane, the tangent to Tas 
the axis of z, and the osculating plane as the xz plane. Assuming 
that the codrdinates « and y of a point of I can be expanded in powers 
of the independent variable z, the equations of I are of the form 


t= Ugh? + ds2?+----, y = bse +--+, 


for the equations 
EE TE a 
dz dz dz® 


* The English term “‘ edge of regression’ does not suggest that the curve is a locus 
of cusps. The French terms “‘aréte de rebroussement ”’ and “‘ point de rebroussement ” 
are more suggestive. — TRANS. 
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must be satisfied at the origin. Hence the equations of a tangent 
at a point near the origin are 


X— 4,2 — 4,7 == Vb —-s- 


Dagsiee Ts nBbeeeee cx 


Setting Z = 0, the codrdinates X and -Y of the point where the tan- 
gent meets the secant plane are found to have developments which 
begin with terms in 2? and in z%, respectively ; hence there is surely 
a cusp at the origin. 


Example. Let us select as the edge of regression the skew cubic ¢ = t, y = t?, 
z=t8, The equation of the osculating plane to the curve is 


(27) #8 32X43tY Z=0; 


hence we shall obtain the equation of the corresponding developable by writing 
down the condition that (27) should have a double root in t, which amounts to 
eliminating t between the equations 


#2? —2txX4+Y=0, 
oe) ee oi 


The result of this elimination is the equation 
(XY — Z)2 —4(x2 — Y)(Y? — XZ) =0, 


which shows that the developable is of the fourth order. 
It should be noticed that the equations (28) represent the tangent to the given 
cubic. 


222. Differential equation of developable surfaces. If 2 = F(a, y) be 
the equation of a developable surface, the function F(a, y) satisfies 
the equation s? — rt = 0, where 7, s, and ¢ represent, as usual, the 
three second partial derivatives of the function F(a, y). 

For the tangent planes to the given surface, 


Z4=pX+qY+2—pxe—gqy, 


must form a one-parameter family; hence only one of the three 
coefficients p, g, and # — px — gy can vary arbitrarily. In particular 
there must be a relation between p and g of the form f(p, g) = 0. 
It follows that the Jacobian D(p, 7)/D(a, y) = rt — s? must vanish 
identically. 

Conversely, if F(x, y) satisfies the equation rt — s*= 0, p and q 
are connected by at least one relation. If there were two distinct 
relations, p and g would be constants, F(a, y) would be of the form 
ax + by +, and the surface z = F(a, y) would be a plane. If there 
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is a single relation between p and q, it may be written in the form 
qg=f(~p), where p does not reduce to a constant. But we also have 


D(z — px — VY, P). 
D(x, y) : 


hence 2 — px — gy is also a function of p, say y(p), whenever 
rt —s?=0. Then the unknown function F(z, y) and its partial 
derivatives p and q satisfy the two equations 


Y=9(P), 2%-—pe—o(p)y=W(p). 


Differentiating the second of these equations with respect to # and 
with respect to y, we find 


y (rt — 8*) = 


my! : ' @ 
[e+ yop) typ] F =0, ([~e+yo'(p) + W157, = 0. 
Since p does not reduce to a constant, we must have 


ety d'(p)+y'(p)=9; 


hence the equation of the surface is to be found by eliminating p 
between this equation and the equation 


z=pe+ydo(p)+y(p), 


which is exactly the process for finding the envelope of the family 
of planes represented by the latter equation, » being thought of as 
the variable parameter. 


223. Envelope of a family of skew curves. A one-parameter family 
of skew curves has, in general, no envelope. Let us consider first 
a family of straight lines 


(29) L=az+p, y=be+q, 


where a, 6, p, and qg are given functions of a variable parameter a. 
We shall proceed to find the conditions under which every member 
of this family is tangent to the same skew curve I. Let 2 = ¢(a) 
be the z coordinate of the point M at which the variable straight 
line D touches its envelope fr. Then the required curve I will be 
represented by the equations (29) together with the equation 
z = ¢(a), and the direction cosines of the tangent to T will be pro- 
portional to dx/da, dy/da, dz/da, i.e. to the three quantities 


ag(a)+a'o(a)t+p', bdl(a)tUd(ayt+q', (a), 
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where a’, b', p', and q' are the derivatives of a, b, p, and g, respec- 
tively. The necessary and sufficient condition that this tangent be 
the straight line D itself is that we should have 


that is, 
a'd(a) + p'=0, b'd(a) + q'=0. 


The unknown function ¢(@) must satisfy these two equations ; 
hence the family of straight lines has no envelope unless the two 
are compatible, that is, unless 


a'q'— b'p'=0. 


If this condition is satisfied, we shall obtain the envelope by setting 
$(a) =— pl/a! =— 4/0! 

It is easy to generalize the preceding argument. Let us consider a 
one-parameter family of skew curves (C’) represented by the equations 


(30) F(a, y,%0)=0, ®(a,y,2,0)=0, 


where a@ is the variable parameter. If each of these curves C is 
tangent to the same curve I’, the codrdinates (a, y, z) of the point 
M at which the envelope touches the curve C which corresponds to 
the parameter value @ are functions of a which satisfy (30) and 
which also satisfy another relation distinct from those two. Let 
dx, dy, dz be the differentials with respect to a displacement of MW 
along C; since «is constant along C, these differentials must satisfy 
the two equations 


aoe ie ey 
(31) Ox Oz 

0® Md o® 

tei a es a 


On the other hand, let dx, dy, dz, 8a be the differentials of a, y, 2, 
and @ with respect to a displacement of M alongI. These differen- 
tials satisfy the equations 


OF. OF. | OF 

gts was Fs: + Xba =0, 
(32) ie 

0 As Oo. a@ 

Bn Oe Rice Fe Tae 0 
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The necessary and sufficient conditions that the curves C and I 
be tangent are 


8a fy «bz 
or, making use of (31) and (82), 


OF 0® 
ay 0% = 9; ag OX = 9. 


It follows that the coordinates (x, y, 2) of the point of tangency must 
satisfy the equations 


(33) F=0, ®=0, 


ind) 


F d® 
ae 0 =O 


Hence, if the family (30) is to have an envelope, the four equations 
(33) must be compatible for all values of a. Conversely, if these 
four equations have a common solution in a, y, and z for all values 
of a, the argument shows that the curve I described by the point 
(x, y, 2) is tangent at each point (a, y, 2) upon it to the correspond- 
ing curve C. This is all under the supposition that the ratios between 
dx, dy, and dz are determined by the equations (31), that is, that the 
point (a, y, #) is not a singular point of the curve C. 


Note. If the curves C are the characteristics of a one-parameter 
family of surfaces F(a, y, 2, a) =0, the equations (83) reduce to 
the three distinct equations 
da) gone 


0a , 0a? ; 


(34) F=0, 


hence the curve represented by these equations is the envelope 
of the characteristics. This is the generalization of the theorem 
proved above for the generators of a developable surface. 


The equations of a one-parameter family of straight lines are cften written 
in the form 


(35) 


Ci ae YU YO Mae 0. 

Gn = cna 
where Zo, Yo, 20, @, 0, ¢ are functions of a variable parameter a. It is easy to 
find directly the condition that this family should have an envelope. Let 1 
denote the common value of each of the preceding ratios; then the codrdinates 
of any point of the straight line are given by the equations 
C= ito + la, y¥=Yot lb, Z= Zo + le, 


and the question is to determine whether it is possible to substitute for 2 such a 
function of @ that the variable straight line should always remain tangent to 
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the curve described by the point (a, y, z). The necessary condition for this is 
that we should have 
etal yo+ ol _ zm+el 

Gad a Sh ae 


(36) 


Denoting by m the common value of these ratios and eliminating / and m from 
the three linear equations obtained, we find the equation of condition 


x Yo % 
(87) hve Co =0¢ 
TEU Fa 


If this condition is satisfied, the equations (86) determine J, and hence also the 
equation of the envelope. 


Ill. CURVATURE AND TORSION OF SKEW CURVES 


224. Spherical indicatrix. Let us adopt upon a given skew curve I 
a definite sense of motion, and let s be the length of the arc AM 
measured from some fixed point A as origin to any point M, affixing 
the sign + or the sign — according as the direction from A toward 
Mf is the direction adopted or the opposite direction. Let MT be 
the positive direction of the tangent at M, that is, that which cor- 
responds to increasing values of the are. If through any point 0 in - 
space lines be drawn parallel to these half rays, a cone S is formed 
which is called the directing cone of the developable surface formed 
by the tangents tol. Let us draw a sphere of unit radius about O 
as center, and let } be the line of intersection of this sphere with 
the directing cone. The curve & is called the spherical indicatrix 


Fig. 48 


of the curve fl. The correspondence between the points of these two 
curves is one-to-one: to a point M of I corresponds the point m where 
the parallel to 7 pierces the sphere. As the point M describes the 
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curve I in the positive sense, the point m describes the curve § in 
a certain sense, which we shall adopt as positive. Then the corre- 
sponding ares s and o increase simultaneously (Fig. 48). 

It is evident that if the point O be displaced, the whole curve & 
undergoes the same translation; hence we may suppose that O lies 
at the origin-of codrdinates. Likewise, if the positive sense on the 
curve I be reversed, the curve § is replaced by a curve symmetrical 
to it with respect to the point 0; but it should be noticed that the 
positive sense of the tangent mt to = is independent of the sense of 
motion on I. 

The tangent plane to the directing cone along the generator Om is 
parallel to the osculating plane at M. For, let AX + BY+CZ=0 
be the equation of the plane Omm', the center O of the sphere being 
at the origin. This plane is parallel to the two tangents at W and 
at M'; hence, if ¢ and¢+ A are the parameter values which corre- 
spond to M and M’, respectively, we must have 


(38) Af'(t) + BEl() + CY) =0. 
(39) Aftt+h)+ BO'é +h) + Cy't+ h)=0. 
The second of these equations may be replaced by the equation 


pe aT eee yy re VOS 


which becomes, in the limit as approaches zero, 
(40) Af"(t) + BO" + CH") = 0. 


The equations (38) and (40), which determine A, B, and C for the 
tangent plane at m, are exactly the same as the equations (6) which 
determine A, B, and C for the osculating plane. 


225. Radius of curvature. Let w be the angle between the positive 
directions of the tangents M7 and M'T"' at two neighboring points 
M and M' of T. -Then the limit of the ratio w/are MM', as M 
approaches M’, is called the curvature of T at the point M, just as 
for a plane curve. The reciprocal of the curvature is called the 
radius of curvature: it is the limit of are MM'/o. 

Again, the radius of curvature R may be defined to be the limit 
of the ratio of the two infinitesimal arcs MM' and mm’, for we have 


arc MM' are MM! are mm! chord mm! 
Se ee eee 5) 
o aremm! chord mm! ra) 
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and each of the fractions (are mm')/(chord) mm' and (chord mm')/w 
approaches the limit unity as m approaches m'. The arcs s(=MM') 
and ¢(=mm’') increase or decrease simultaneously ; hence 

ds 
4 Rise. 
iD) do 


Let the equations of T be given in the form 


(42) a= f(t), y=); z=y(t), 
where O is the origin of codrdinates. Then the codrdinates of the 
point m are nothing else than the direction cosines of MT, namely 


Differentiating these equations, we find 


SGP — 2 Pp = Ghirak: 
qe 2 ee da d's ig ea gy) Z 


ds d?z — dz d*s 
ds” P= es aaa 


ds?” ds? 


ds d?a — dx d?s) 
y) 


do® = da? + dp? + dy? = Si aa 


where ,9' indicates as usual the sum of the three similar terms 
obtained by replacing « by x, y, successively. Finally, expanding 
and making use of the expressions for ds* and ds d*s, we find 


ip = Stet Sata) —[ Saez] 


ds* 


By Lagrange’s identity (§ 131) this equation may be written in 
the form . 
A? + B* + C? 
do? = “tote 
where 
(43) A = dyd*z —dzd’y, B= dzd'x —.dxd*z,; 
C=dxd*y — dyad’, 


a notation which we shall use consistently in what follows. Then 
the formula (41) for the radius of curvature becomes 


Be ere 
and it is evident that R? is a rational function of a, y, 2, x', y', 2', 
x", y", 2. The expression for the radius of curvature itself is 
irrational, but it is essentially a positive quantity. 
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Note. If the independent variable selected is the arc s of the 
curve I’, the functions f(s), $(s), and y(s) satisfy the equation 


f2(s) + $'(8) + w%(8) = 1. 


Then we shall have 


a= f(s), B= $s), y¥=¥'(); 
(45) da = f"(s) ds, dB = $''(s)ds, dy = w'(s)ds, 
do* = §[ f"(s)]}’ + [o'(s) ? + [y'(s) Phas’, 


and the expression for the radius of curvature assumes the partic- 
ularly elegant form 


ee) zi SLL (ln LP eG) 


226. Principal normal. Center of curvature. Let us draw a line 
through M (on Lr) parallel to mt, the tangent to 3 at m. Let MN 
be the direction on this line which corresponds to the positive direc- 
tion mt. The new line MN is called the principal normal to T at M: 
it is that normal which lies in the osculating plane, since mt is 
perpendicular to Om and Omt is parallel to the osculating plane 
(§ 224). The direction MN is called the positive direction of the 
principal normal. This direction is uniquely defined, since the posi- 
tive direction of mt does not depend upon the choice of the positive 
direction upon fT. We shall see in a moment how the direction in 
question might be defined without using the indicatrix. 

If a length MC equal to the radius of curvature at M be laid off 
on MN from the point M, the extremity C is called the center of 
curvature of T at M, and the circle drawn around C in the osculat- 
ing plane with a radius MC is called the circle of curvature. Let 
a', B', y' be the direction cosines of the principal normal. Then the 
coérdinates (21, 71, %) of the center of curvature are 


a, =2-+ Re’, y=yYt KP," %=2+ Ry!. 
But we also have 
_ da dads — da _ , asda — dad's 
do dsdo ds ds* 
and similar formule for B' and y'. Replacing a’ by its value in 
the expression for x, we find 
ds d* x — dad*s 


= R? 
Hy a+ ds? 
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But the coefficient of R? may be written in the form 


dst@?x —dxdsd?s da §\da?— dx §'(dx dx) 
ds* wn ds* 


or, in terms of the quantities A, B, and C, 


Bdz— Cdy 
ds* 


The values of y, and 2; may be written down by cyclic permutation 
from this value of x,, and the coérdinates of the center of curvature 
may be written in the form 


(Bide O01 
,=«-+ R? Se 
Cdz— A dz 
(46) Weird Sie ees 
Ady — Bdzx 
S 2 See 
&4&=2+R dst 


These expressions for 2,, y,;, and 2, are rational in a, y, 2, 2', y', 2’, 
" " 


DGS 
A plane Q through M perpendicular to MN passes through the 
tangent MT and does not cross the curve T at M@. We shall proceed 
to show that the center of curvature and the points of T near lie 
on the same side of Q. To show this, let us take as the independent | 
variable the are s of the curve I counted from M as origin. Then 
the codrdinates X,Y, Z of a point M' of I near M are of the form 


2 2 
Sy teenie ae Ss (Sete) 


ie 


1 ds (1.2 \ds* 


the expansions for Y and Z being similar to the expansion for X. 
But since s is the independent variable, we shall have 


dx aw dae Wado 


— = 2 — = = — — = GQ! 
ds : ds? ds daods R 
and the formula for X becomes 


3 


ney 


a al 
X=etast(Z+e) 
If in the equation of the plane Q, 
al(X 2) + B(Y—y) + y(Z—2) =0, 
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X, Y, and Z be replaced by these expansions in the left-hand member, 
the value of that member is found to be 


2 2 

Seat ome ryt ty (hn) af (249) 

- where » approaches zero with s. This quantity is positive for all 
values of s near zero. Likewise, replacing (X, Y, Z) by the codrdi- 
nates («+ Ra’, y+ Rf', 2+ Ry') of the center of curvature, the 
result of the substitution is R, which is essentially positive. Hence 
the theorem is proved. 


227. Polar line. Polar surface. The perpendicular A to the oscu- 
lating plane at the center of curvature is called the polar line. This 
straight line is the characteristic of the normal plane to T. For, in 
the first place, it is evident that the line of intersection D of the 
normal planes at two neighboring points MW and M'is perpendicular 
to each of the lines MT and M'T'; hence it is also perpendicular to 
the plane mOm'. As M'approaches M, the plane mOm' approaches 
parallelism to the osculating plane; hence the line D approaches a 
line perpendicular to the osculating plane. On the other hand, to 
show that it passes through the center of curvature, let s be the 
independent variable; then the equation of the normal plane is 


(47) a(X—2) + B(Y—y) + y(Z—2) =0, 
and the characteristic is defined by (47) together with the equation 


(48) “(xa +2 (y-y+¥(z—2)-1=0. 


This new equation represents a plane perpendicular to the principal 
normal through the center of curvature; hence the intersection of 
the two planes is the polar line. 

The polar lines form a ruled surface, which is called the polar 
surface. It is evident that this surface is a developable, since we 
have just seen that it is the envelope of the normal plane to I. 
If I is a plane curve, the polar surface is a cylinder whose right 
section is the evolute of [; in this special case the preceding state- 
ments are self-evident. 


228. Torsion. If the words “tangent line” in the definition of 
curvature (§ 225) be replaced by the words “osculating plane,” a 
new geometrical concept is introduced which measures, in a manner, 
the rate at which the osculating plane turns. Let w!' be the angle 
between the osculating planes at two neighboring points M and JI’; 
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then the limit of the ratio w'/arc MM', as M approaches 4’, is called 
the torsion of the curve T at the point M. The reciprocal of the 
torsion is called the radius of torsion. 

The perpendicular to the osculating plane at M is called the 
binormal. Let us choose a certain direction on it as positive, — we 
shall determine later which we shall take, —and let a", 8", y" be 
the corresponding direction cosines. The parallel line through the 
origin pierces the unit sphere at a point m, which we shall now put 
into correspondence with the point M@ of I. The locus of n is a 
spherical curve @, and it is easy to show, as above, that the radius 
of torsion 7’ may be defined as the limit of the ratio of the two corre- 
sponding arcs MM' and nn! of the two curves and ®. Hence we 
shall have 


where 7 denotes the arc of the curve @. 
The coordinates of ” are a", B", y", which are given by the formule 


(§ 215) 
B re C 


A 
gis ; hh : TiS 
+VA2+ B+ 0? ee VLR +O? *  +V42+Bx+C? 


where the radical is to be taken with the same sign in all three 
formule. From these formule it is easy to deduce the values of 
da", dB", dy"; for example, 
dal = + A+B + C)dA —A(AdA + BAB + CdC), 
(A? ao [BP Ae +c 
whence, since dr? = da'? + dQ"? + dy'"?, 


bees Woe LS(4da)]" 


(A? + B? aL C3y 


or, by Lagrange’s alle: 
gpa S(Bdc — cas)" 
(ale = B? + Cy 
where ,§ denotes the sum of the three terms obtained by cyclic per- 
mutation of the three letters 4, B, C. The numerator of this expres- 
sion may be simplified by means of the relations 
Adzx+ Bdy+ Cdz=0, 
dA dx+dBdy+dCdz=0, 


whence 
(49) dx dy dz a! 


BEG Ode Cdk Sagem (ap anion 


’ 
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where K is a quantity defined by the equation (49) itself. This gives 


pie K? ds? 
T ~ (A? + BPE C2)?” 


where K is defined by (49); or, expanding, 


ae 


~ dex 


dz daa 
az dx 


dz dx 
az dx 


dx dy dx dy 
ax ay, | Ba d*y 


: 


where ,§' denotes the sum of the three terms obtained by cyclic per- 
mutation of the three letters x, y, z. But this value of K is exactly 
the development of the determinant A [(8), § 216]; hence 


= V(dz dx dy — dx d?z d*y), 


Ads 


dr a ee 


and therefore the radius of torsion is given by the formula 


A? + B? + C? 


(50) T=+ = 


If we agree to consider T essentially positive, as we did the radius 
of curvature, its value will be the absolute value of the second mem- 
ber. But it should be noticed that the expression for T is rational 
in x, y, 2, wx, y', 2', x", y", 2"; hence it is natural to represent the 
radius of torsion by a length affected by a sign. The two signs 
which 7 may have correspond to entirely different aspects of the 
curve I at the point ™. 

Since the sign of 7 depends only on that of A, we shall investigate 
the difference in the appearance of I near M when A has different 
signs. Let us suppose that the trihedron Oxyz is placed so that an 
observer standing on the zy plane with his feet at O and his head in 
the positive z axis would see the x axis turn through 90° to his left 
if the « axis turned round into the y axis (see footnote, p. 477). 
Suppose that the positive direction of the binormal WN, has been so 
chosen that the trihedron formed from the lines MT, MN, MN, has 
the same aspect as the trihedron formed from the lines Ox, Oy, Oz; 
that is, if the curve I be moved into such a position that M coincides 
with 0, MT with Ox, and MN with Oy, the direction MN, will coin- 
_cide with the positive z axis. During this motion the absolute value 

of 7 remains unchanged ; hence A cannot vanish, and hence it cannot 
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even change sign.* In this position of the curve I with respect to 
the axes now in the figure the coérdinates of a point near the origin 
will be given by the formule 


y =b + (bs+e), 
2=(ce,+e'), 


e=at+H(a,+e), 
oo 


where ¢, ¢, e’ approach zero with ¢, provided that the parameter ¢ is 
so chosen that ¢=0 at the origin. For with the system of axes 
employed we must have dy = dz=d?z=0whent=0. Moreover 
we may suppose that a, > 0, for a change in the parameter from ¢ to 
— twill change a, to —a,. The coefficient 5, is positive since y must 
be positive near the origin, but c; may be either positive or negative. 
On the other hand, for ¢ = 0, A =12a,6,c, dt®. Hence the sign of A 
is the sign of c;. There are then two cases to be distinguished. If 
cz; > 0, x and z are both negative for — h <t¢t< 0, and both positive 
for 0<t<h, where h is a sufficiently small positive number; i.e. 
.an observer standing on the xy plane with his feet at a point P on 


N N 
Mu ! M A 
WR Uk 
ie “af om 
ig" \w’ 
Fia. 49, a Fie. 49, b 


the positive half of the principal normal would see the are MM' at 
his left and above the osculating plane, and the are MM" at his right 
below that plane (Fig. 49, a). In this case the curve is said to be 
sinistrorsal. On the other hand, if c¢;< 0, the aspect of the curve 
would be exactly reversed (Fig. 49, 0), and the curve would be said 
to be dextrorsal. These two aspects are essentially distinct. For 
example, if two spirals (helices) of the same pitch be drawn on the 
same right circular cylinder, or on two congruent cylinders, they 
will be superposable.if they are both sinistrorsal or both dextrorsal ; 
but if one of them is sinistrorsal and the other dextrorsal, one of 
them will be superposable upon the helix symmetrical to the other 
one with respect to a plane of symmetry. 


*It would be easy to show directly that A does not change sign when we pass from * 
one set of rectangular axes to another set which have the same aspect. 
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In consequence of these results we shall write 

2 B? 2 
(52) [eaeue ce wire Bie 

A 

i.e. at a point where the curve. is dextrorsal 7 shall be positive, while 
T shall be negative at a point where the curve is sinistrorsal. <A dif- 
ferent arrangement of the original codrdinate trihedron Oxyz would 
lead to exactly opposite results.* 


229. Frenet’s formule. Each point M of T is the vertex of a tri- 
rectangular trihedron whose aspect is the same as that of the trihe- 
dron Oxyz, and whose edges are the tangent, the principal normal, 
and the binormal. The positive direction of the principal normal is 
already fixed. That of the tangent may be chosen at pleasure, but 
this choice then fixes the positive direction on the binormal. The dif- 
ferentials of the nine direction cosines (a, B, y), (a', B', y'), (a", B", y") 
of these edges may be expressed very simply in terms of R, 7, and 
the direction cosines themselves, by means of certain formule due 
to Frenet.t We have already found the formule for da, dB, and dy: 


! ! d t 
(53) da_@ dB __B. dy _y 


ds R ds R ds*7 Re 
The direction cosines of the positive binormal (§ 228) are 
sim A en B Vi i C , 
VA? + B24? VAP BCI VA? + B+ C2 
where e=+1. Since the trihedron (MT, MN, MN,) has the same 
aspect as the trihedron Oxyz, we must have 


Gi Bie By ly OF ake « as s 
On the other hand, the formula for da'' may be written 
_B(BdA — A dB) + C(CdA ~ AAC) 
(A? + B? + C7)! 
or, by (49) and the relation K = A, 
da" CB — By aA 
a BY c8 AP + BP CF 


da" = 


*It is usual in America to adopt an-arrangement of axes precisely opposite to that 
described above. Hence we should write 7’= + (A2-+ B2+ C2)/A, etc. See also 
the footnote to formula (54), § 229. TRANS. 

+ Nouvelles Annales de Mathématiques, 1864, p. 284. 
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The coefficient of a! is precisely 1/7, by (52). The formule for 
dg" and dy" may be calculated in like manner, and we should find 


dal _ a dp" _ B Tene y 
ds Of ds 4 


ee ds 


which are exactly analogous to (53).* 
In order to find da’, dp’, dy', let us differentiate the well-known 
formulee 
q'? (se =[ “2 = iL 
Pea ae) (pea ih oe Up 
alall+ pip + yy! =0, 


replacing da, dB, dy, da", dB", dy'' by their values from (53) and 
(54). This gives 


a! da' + B' dB' + y' dy ==), 
d. 
a da' +f dp'+y dy +F=0, 
ds 
a"dal + B'dp' | y''dy' Seely 
whence, solving for da', df', dy’, 


da! a al LB Bees dy’ sy 
(BO) is me a aarti a ee a em 


The formulae (53), (54), and (55) constitute Frenet’s formule. 


Note. The formule (54) show that the tangent to the spherical 
curve ® described by the point » whose codrdinates are a", 8", y'' is 
parallel to the principal normal. This can be verified geometrically. 
Let S' be the cone whose vertex is at O and whose directrix is the 
curve ®. The generator On is perpendicular to the plane which is 
tangent to the cone S along Om (§ 228). Hence S' is the polar cone 
to S. But this property is a reciprocal one, i.e. the generator Om 
of S is surely perpendicular to the plane which is tangent to S' 
along On. Hence the tangent mz to the curve %, since it is perpen- 
dicular to each of the lines On and Om, is perpendicular to the 
plane mOn. For the same reason the tangent nt! to the curve @ is 
perpendicular to the plane mOn. It follows that mt and nt! are 
parallel. 


“* If we had written the formula for the torsion in the form 1 /T= A/(42 4+ B24 ©), 
Frenet’s formule would have to be written in the form da@”/ds =— a@’/T, ete. 
[Hence this would be the form if the axes are taken as usual in America. —TRANS.] 
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230. Expansion of x, y, and z in powers of s. Given two functions 
R= ¢(s), T= ys) of an independent variable s, the first of which 
is positive, there exists a skew curve I which is completely defined 
except for its position in space, and whose radius of curvature and 
radius of torsion are expressed by the given equations in terms of 
the arc s of the curve counted from some fixed point upon it. <A rig- 
orous proof of this theorem cannot be given until we have discussed 
the theory of differential equations. Just now we shall merely show 
how to find the expansions for the codrdinates of a point on the 
required curve in powers of s, assuming that such expansions exist. 

Let us take as axes the tangent, the principal normal, and the 

binormal at O, the origin of ares on T. Then we.shall have 


dx s? (d*x $2 =) 

SG lo ee Pais 

slag liza eee eed as 

=+ (2 ace i, Nok 79.3 ds? ae 2 
s 


dz Se aPe $3 (S =) 
1 (As5 (tis BS) gia e? 


where 2, y, and z are the coédrdinates of a point on T. But 
ax Cede a Aehoe ys Dagon! 
Tat eS ah Te 
whence, differentiating, 
an a aR wi (< =) 


(56) 


Fi 
[% oe ee 


x 
| 


Us UR deve heh ae T 
In general, the repeated application of Frenet’s formule gives 
ot = 1, a+ M,a'+ Pa", 


where L,,, M,,, P,, are known functions of R, 7, and their successive 
derivatives with respect to s. In a similar manner the successive 
derivatives of y and z are to be found by replacing (a, a’, a") by 
(B, B', B") and (y, y', y"), respectively. But we have, at the origin, 
Gal, bo =O) yo = 0, a, —=0, 6 — ly — 0, a/'= 0, 6, =9, y, =1; 
hence the formule (56) become 


Ss s 
ameter Oo GRueae 
EN aia a 
(56) Y 2k 6Rds , 
sé 
mi 


6mm yee? 
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where the terms not written down are of degree higher than three. 
It is understood, of course, that R, T, dR/ds, --. are to be replaced 
by their values for s = 0. 

These formule enable us to calculate the principal parts of cer- 
tain infinitesimals. For instance, the distance from a point of the 
curve to the osculating plane is an infinitesimal of the third order, 
and its principal part is — s*/6RT. The distance from a point on 
the curve to the a axis, le. to the tangent, is of the second order, 
and its principal part is s?/2R (compare § 214). Again, let us cal- 
culate the length of an infinitesimal chord c. We find 


gt 


12R? 


CS 7 ay + a = 5? = eee, 
where the terms not written down are of degree higher than four. 
This equation may be written in the form 


= tiga b>) et ate) 
Bare OUT, eae ores et 


which shows that the difference s —e is an infinitesimal of the 
third order and that its principal part is s*/24R?. 

In an exactly similar manner it may be shown that the shortest 
distance between the tangent at the origin and the tangent at a 
neighboring point is an infinitesimal of the third order whose prin- 
cipal part is s°/12R7T. This theorem is due to Bouquet. 


231. Involutes and evolutes. A curve I, is called an znvolute of a 
second curve I if all the tangents to I are among the normals to I,, 
and conversely, the curve I is called an evolute of T,. It is evident 
that all the involutes of a given curve I lie on the developable sur- 
face of which I is the edge of regression, and cut the generators of 
the developable orthogonally. 

Let (x, y, x) be the codrdinates of a point M of T, (a, B, y) the 
direction cosines of the tangent MT, and J the segment MM, between 
M and the point M4, where a certain involute cuts M7. Then the 
coordinates of M, are ~ 


%,=x+la, Y= y+ IB, 4 =2+ ly, 
whence 
dx, =dx+lda+adl, 
dy, =dy+ldB+ Bd, 
dz, =dz+ldy + ydl. 
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In order that the curve described by M, should be normal to MM, 
it is necessary and sufficient that a dx, + B dy, + ydz, should vanish, 
ie. that we should have 


adu+ Bdy + ydz+dl+l(ada+ BdB+ y dy) = 0, 


which reduces to ds++di=0. It follows that the involutes to a 
given skew curve I may be drawn by the same construction which 
was used for plane curves (§ 206). 

Let us try to find all the evolutes of a 
given curve I’, that is, let us try to pick 
out a one-parameter family of normals to 
the given curve according to some contin- 
uous law which will group these normals 
into a developable surface (Fig. 50). Let 
D be an evolute, ¢ the angle between the 
normal MM, and the principal normal IZN, 
and 2 the segment MP between M and the 
projection P of the point M, on the principal normal. Then the 
coordinates (21, ¥1, %) of M, are 


Fiag. 50 


(57) = y+ lB + ip" tan ¢, 


x, =x+la'+ la tan ¢, 
\" = 2+ ly'+ ly" tan 9, 


as we see by projecting the broken line MPM, upon the three axes 
successively. The tangent to the curve described by the point M, 
must be the line MM, itself, that is, we must have 


dx; ie dy; i dz, 


H—-xX Y-y 4-2 


Let & denote the common value of these ratios; then the condition 
dx, = k(x, — x) may be transformed, by inserting the values of x, 
and dx, and applying Frenet’s formule, into the form 


acai aoe) 
ads(1 -3)+ a (w+ ltan d Fi kl 
+ a'| ad tan d) — ‘s — kitan | a 
The conditions dy, = k(y, — y) and dz, = k(x, — 2) lead to exactly 


similar forms, which may be deduced from the preceding by repla- 
cing (a, a’, a") by (, B', B") and (y, y', y"), respectively. Since the 
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determinant of the nine direction cosines is equal to unity, these 
three equations are equivalent to the set 


(1 — <) ds =0, 


ds 
(58) di+ltan¢ ae kl, 
d(/ tan @) — ae = ki tan ¢. 


From the first of these 7 = R, which shows that the point P is the 
center of curvature and that the line PM is the polar line. It fol- 
lows that all the evolutes of a given skew curve T lie on the polar sur- 
face. In order to determine these evolutes completely it only remains 
to eliminate & between the last two of equations (58). Doing so 
and replacing / by R throughout, we find ds = 7'dg. Hence ¢ may 
be found by a single quadrature: 
*d. 

(59) $ = $ + : TT 

If we consider two different determinations of the angle ¢ which 
correspond to two different values of the constant ¢), the difference 
between these two determinations of ¢ remains constant all along I. 
It follows that two normals to the curve T which are tangent to two 
different evolutes intersect at a constant angle. Hence, if we know 
a single family of normals to I which form a developable surface, 
all other families of normals which form developable surfaces may 
be found by turning each member of the given family of normals 
through the same angle, which is otherwise arbitrary, around its 
point of intersection with I. 


Note I. If T is a plane curve, T is infinite, and the preceding 
formula gives ¢ =). The evolute which corresponds to dy = 0 is 
the plane evolute studied in § 206, which is the locus of the centers 
of curvature of T. There are an infinite number of other evolutes, 
which lie on the cylinder whose right section is the ordinary evo- 
lute. We shall study these curves, which are called helices, in the 
next section. This is the only case in which the locus of the cen- 
ters of curvature is an evolute. In order that (59) should be satis- 
fied by taking ¢ = 0, it is necessary that 7 should be infinite or 
that A should vanish identically ; hence the curve is in any case a 
plane curve (§ 216). 
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Note II. If the curve D is an evolute of I, it follows that T is an 
involute of D. Hence 
ds, = d(MM,), 


where s, denotes the length of the are of the evolute counted from 
some fixed point. This shows that all the evolutes of any given 
curve are rectifiable. 


232. Helices. Let C be any plane curve and let us lay off on the perpendic- 
ular to the plane of C erected at any point m on C a length mM proportional to 
the length of the arc o of C counted from some fixed point A. Then the skew 
curve I described by the point M is called a heliz. Let us take the plane of C 
as the zy plane and let 

t=f(), y=¢(o) 
be the codrdinates of a point m of C in terms of the arco. Then the coordi- 
nates of the corresponding point M of the curve I will be 


(60) t= f(c), y= (9), NO 


where K is the given factor of proportionality. The functions f and ¢ satisfy 
the relation f’? + ¢’2=1; hence, from (60), 


ds? = (f’2 + $2 + K*)do® = (1+ K?)do?, 
where s denotes the length of the arc of f. It follows thats =oV1+4 K2+ H, 


or, ifs ando be counted from the same point A on C,s =o V1+4 K2, since H=0. 
The direction cosines of the tangent to I are 


(61) pee HL ay ec ee 

V1+ K2 V1+ K2 V1+ K2 
Since y is independent of o, it is evident that the tangent to T makes a constant 
angle with the z axis; this property is characteristic: Any curve whose tangent 
makes a constant angle with a fixed straight line is a helix. In order to prove 
this, let us take the z axis parallel to the given straight line, and let C be the 
projection of the given curve I on the zy plane. The equations of I may always 
be written in the form 


(62) x = f(c) ’ P= $(9), lg ¥(o) ’ 


where the functions f and @ satisfy the relation f’2 + ¢’2 =1, for this merely 
amounts to taking the arc o of C as the independent variable. It follows that 


arial ¥(o) snes Lint 

CANS Wha Ue yy 
hence the necessary and sufficient condition that y be constant is that ¥’ should 
be constant, that is, that y(c) should be of the form Ko + 2. It follows that 
the equations of the curve I will be of the form (60) if the origin be moved to 
theipoint 2—= 0517 10).7 =" 25. 

Since ¥ is constant, the formula dy/ds = y’/R shows that y’= 0. Hence the 
principal normal is perpendicular to the generators of the cylinder. Since it is 
also perpendicular to the tangent to the helix, it is normal to the cylinder, and 
therefore the osculating plane is normal to the cylinder. It follows that the 
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binormal lies in the tangent plane at right angles to the tangent to the helix; 
hence it also makes a constant angle with the z axis, i.e. y” is constant. 

Since y’ = 0, the formula dy’/ds = — y/R — y”/T shows that y/R + y”/T =0; 
hence the ratio 7/R is constant for the helix. 

Each of the properties mentioned above is characteristic for the helix. Let 
us show, for example, that every curve for which the ratio T/R is constant is a 
helix. (J. BERTRAND.) 

From Frenet’s formule we have 


Cte Gp. ak dy: alata & 
Gal as" = Oy eh ieee 


hence, if H is a constant, a single integration gives 

fe ET Cee Als B’ = HB-B, Of eat 1s Gr Ore 
where A, B, C are three new constants. Adding these three equations after 
multiplying them by a, B, y, respectively, we find 


Aa -- BB=> Cy = A, 
or 
Aa+ BB+ Cy . HH 


VA?+B2+02 VA2+B?+ 02 
But the three quantities 
A B C 
VA?+B?4+ 02° VA?+B9+02 VA?+B?+03 


are the direction cosines of a certain straight line A, and the preceding equa- 
tion shows that the tangent makes a constant angle with this line. Hence the 
given curve is a helix. 

Again, let us find the radius of curvature. By (53) and (61) we have 


aioe en pana eae 
Runge Tee A te gargs ee 
whence, since 7’ = 0, 
1 1 
63 = 172, 172 : 
(63) B G+ Kp Lf’? (a) + 6 (a)] 


This shows that the ratio (1 + K?)/R is independent of K. But when K = 0 
this ratio reduces to the reciprocal 1/r of the radius of curvature of the right 
section C, which is easily verified (§ 205). Hence the preceding formula may 
be written in the form R = r(1 + K?), which shows that the ratio of the radius © 
of curvature of a helix to the radius of curvature of the corresponding curve C 
is a constant. 

It is now easy to find all the curves for which R and T are both constant. 
For, since the ratio T/R is constant, all the curves must be helices, by Bertrand’s 
theorem. Moreover, since R& is a constant, the radius of curvature r of the 
curve C also is a constant. Hence C is a circle, and the required curve is a 
helix which lies on a circular cylinder. This proposition is due to Puiseux.* 


*It is assumed in this proof that we are dealing only with real curves, for we 
assumed that A? + 52+ C? does not vanish. (See the thesis by Lyon: Sur les 


SS 


courbes a torsion constante, 1890.) 
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233. Bertrand’s curves. The principal normals to a plane curve are also the 
principal normals to an infinite number of other curves, —the parallels to the 
given curve. J. Bertrand attempted to find in a similar manner all the skew 
curves whose principal normals are the principal normals to a given skew 
curve I. Let the codrdinates z, y, z of a point of T be given as functions of the 
arcs. Let us lay off on each principal normal a segment of length J, and let the 
coordinates of the extremity of this segment be X, Y, Z; then we shall have 


(64) Xe= lace Y=y+/g', LZ=2- ly’. 


The necessary and sufficient condition that the principal normal to the curve I” 
described by the point (X, Y, Z) should coincide with the principal normal to T 
is that the two equations 


a dX +p d¥ + y/dZ=0, 
a’ (d¥ @Z — dZ@Y) +p (dZ 2X — AX @Z) + 7’ (dX @Y —dY aX) =0 


should be satisfied simultaneously. The meaning of each of these equations is 
evident. From the first, di = 0; hence the length of the segment / should be a 
constant. Replacing @X, d?_X, dY,---in the second equation by their values 
from Frenet’s formule and from the formule obtained by differentiating 
Frenet’s, and then simplifying, we finally find 


26(-2)=(-2)eG) 


Mk ie 
Figagel ys 


whence, integrating, 


(65) ip 


where I’ is the constant of integration. It follows that the required curves are 
those for which there exists a linear relation between the curvature and the torsion. 
On the other hand, it is easy to show that this condition is sufficient and that 
the length J is given by the relation (65). 

A remarkable particular case had already been solved by Monge, namely 
that in which the radius of curvature is a constant. In that case (65) becomes 
l= R, and the curve I” defined by the equations (64) is the locus of the centers 
of curvature of f. From (64), assuming / = R = constant, we find the equations 


R R Waa R ZA 
dX =— 7,0 ds, DE aed ds, OA a ds, 


which show that the tangent to I’ is the polar line of [. The radius of curva- 
ture R’ of I’ is given by the formula 


RI dX? + dY2 + dZ? _— R2. 
da’’2 Ae dp’? che dy? ? 


hence R’ also is constant and equal to R. The relation between the two curves 
T and I” is therefore a reciprocal one: each of them is the edge of regression of 
the polar surface of the other. It is easy to verify each of these statements for 
the particular case of the circular helix. 


486 SKEW CURVES [XI, § 234 


Note. It is easy to find the general formule for all skew curves whose radius of 
curvature is constant. Let R be the given constant radius and let a, B, y be any 
three functions of a variable parameter which satisfy the relation a? + 62+ y?=1. 
Then the equations 


(66) X=R{ ado, Y=R{ Bde, Z=Rfydo, 


where do = Vda? + dp? + dy”, represent a curve which has the required prop- 
erty, and it is easy to show that all curves which have that property may be 
obtained in this manner. For a, B, y are exactly the direction cosines of the 
curve defined by (66), and oa is the arc of its spherical indicatrix (§ 225). 


IV. CONTACT BETWEEN SKEW CURVES 
CONTACT BETWEEN CURVES AND SURFACES 


234. Contact between two curves. The order of contact of two 
skew curves is defined in the same way as for plane curves. Let I 
and I’ be two curves which are tangent ata point A. To each point 
M of T near A let us assign a point M' of I’ according to such a law 
that M and M' approach A simultaneously. We proceed to find 
the maximum order of the infinitesimal MM' with respect to the 
principal infinitesimal 4M, the arc of T. If this maximum order 
is n +1, we shall say that the two curves have contact of order n. 

Let us assume a system of trirectangular* axes in space, such 
that the yz plane is not parallel to the common tangent at A, and 
let the equations of the two curves be 


z= (2), Z = O(x). 
If x), Yo, % are the codrdinates of A, the codrdinates of M and M' 
are, respectively, 


[to +h, f(to+h), 6(tot+h)], [*o +h, F(a +k), B(x + k)], 


where & is a function of / which is defined by the law of corre- 
spondence assumed between M and M' and which approaches zero 
with h. We may select 4 as the principal infinitesimal instead of 
the are AM (§ 211); and a necessary condition that MM’ should 
be an infinitesimal of order m+ 1 is that each of the differences 


(r)’ 


k—h, F(x + k) — f(a +h), D(x) + k) — h(a + A) 


* It is easy to show, by passing to the formula for the distance between two points 
in oblique coordinates, that this assumption is not essential. 
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should be an infinitesimal of order 7 + 1 or more. It follows that 
we must have 


k—h=ah"*}, F(x) + k) — f(t) + A) = Bh"*?, 
O(a + k) — O(a) + h) = yh"*!, 


where a, B, y remain finite as 4 approaches zero. Replacing k by 
its value 2 + ah"*! from the first of these equations, the latter two 
become 

F(x) +h + ah"*") — f(a +h) = Bh"t?, 

O(2) + h + ah**!) — h(a + h) = yh"*?. 


Expanding F(% +h + ah"*1) and ®(a) +h-+ ah"*1) by Taylor’s 
series, all the terms which contain a will have a factor h”*+!; hence, 
in order that the preceding condition be satisfied, each of the 
differences 


F(% +h) — fit + 4), P(x + h) — (a + A) 


should be of order 7» +1 or more. It follows that if MM' is of 
order n + 1, the distance MN between the points M and WN of the 
two curves which have the same abscissa x, + h will be at least of 
order » +1. Hence the maximum order of the infinitesimal in 
question will be obtained by putting into correspondence the points 
of the two curves which have the same abscissa. 

This maximum order is easily evaluated. Since the two curves 
are tangent we shall have 


So) = F(%0), Fo) =F"), P(%o) = PC), $'(Ho) = B'(%)- 
Let us suppose: for generality that we also have 
f'"(a@) = F'"(ao), sp, fF (09) = F (29), 
f(a) = BMA), ty HM Hp) = BO (H), 
but that at least one of the differences 
FO+) (a) — f(a), BO+Y (zy) — G+ (a9) 


does not vanish. Then the distance MM' will be of order » + 1 
and the contact will be of order m. This result may also be stated 
as follows: To find the order of contact of two curves T and I", con- 
sider the two sets of projections (C, C') and (C,, Cj) of the given 
curves on the xy plane and the xz plane, respectively, and find the 
order of contact of each set ; then the order of contact of the given 
curves T and I" will be the smaller of these two. 
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If the two curves I and I” are given in the form 

(T) =f), y=9@), #=¥%), 

(I) X=fu); Y=@u), 4=V(u), 
they will be tangent at a point u=t=% if 


Plo) = H(to),  P(to) = h'(to)) — W(to) = (to), Wo) = '(H)- 
If we suppose that f'(to) is not zero, the tangent at the point of 
contact is not parallel to the yz plane, and the points on the two 
curves which have the same abscissa correspond to the same value 
of ¢. In order that the contact should be of order m it is neces- 
sary and sufficient that each of the infinitesimals ®(¢) — $(¢) and 
v(t) — ¥(t) should be of order m + 1 with respect to ¢ — fo, 1.e. that 
we should have 

®' (to) a ' (to) ’ Bo oe” (to) — ¢™ (to) » 
W'(to) im Y'(to), ae? Y (to) =a yo (to) » 


and that at least one of the differences 
B+) (t) ae pery (4); wet) (to) v4 porh (to) 

should not vanish. 

It is easy to reduce to the preceding the case in which one of the 
curves [is given by equations of the form 

(61) r=f, y=80, 2 =4@; 
and the other curve I’ by two implicit equations 

E (yg) es FF (@, yee) = 0. 


Resuming the reasoning of § 212, we could show that a necessary 
condition that the contact should be of order m at a point of T 
where ¢=¢, is that we should have 

F(o)=0, Fr(m)=0, 4, FO) = 0, 


(68) [5 a i pa (n) 
i(f) = 0, Fi (to) = 0, bias: FY" (to) = 0, 


where 


F@) = FL SF); 6) 40], AhO=ALLO, ¢@, vO. 


235. Osculating curves. Let I be a curve whose equations are 
given in the form (67), and let I’ be one of a family of curves in 
2n + 2 parameters a, b, ¢, ---, 1, which is defined by the equations 


(69) . F(a, y, 2, a, 0,---, 0) =0, Fy (6, Ys-2,) 03 0, 6, 055 CY = Oe 
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In general it is possible to determine the 27 + 2 parameters in such 
a way that the corresponding curve I’ has contact of order n with 
the given curve I at a given point. The curve thus determined is 
called the oscuwlating curve of the family (69) to the curve Tl. The 
equations which determine the values of the parameters a, 6, ¢,---, 1 
are precisely the 21+ 2 equations (68). It should be noted that 
these equations cannot be solved unless each of the functions F and 
F, contain at least »+ 1 parameters. For example, if the curves 
I’ are plane curves, one of the equations (69) contains only three 
parameters; hence a plane curve cannot have contact of order 
higher than two with a skew curve at a point taken at random on 
the curve. 

Let us apply this theory to the simpler classes of curves, — the 
straight line and the circle. A straight line depends on four param- 
eters; hence the osculating straight line will have contact of the 
first order. It is easy to show that it coincides with the tangent, 
for if we write the equations of the straight line in the form 


x=az+p, y=be+ q; 
the equations (68) become 
Ly = A%y + Py Pian. Yo = be + 9, fy 024, 
where (2, Yo, %o) 18 the supposed point of contact on T. Solving 


these equations, we find 


' ' 
= = 9 ee Yo 

CRS b= > P =X — Fos ONY emer =0)) 
Zz eH 


which are precisely the values which give the tangent. A neces- 
sary condition that the tangent should have contact of the second 
order is that 2}! = az)’, yj! = bz)’, that is, 


aoe 


eh Yo 0 
The points where this happens are those discussed in § 217. 
The family of all circles in space depends on six parameters ; 
hence the osculating circle will have contact of the second order. 
Let the equations of the circle be written in the form 


F (a, y, 2) =A(x —a)+ By—6)+Cie—c¢) =0, 
F, (a, y, 2) = (2 — a)? + (y — 6)? +(e —¢)? — FR? =0, 
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where the parameters are a, 6, c, R, and the two ratios of the three 
coefficients A, B, C. The equations which determine the osculating 


circle are 
A(a—a)+ By —6)+Ce@—c¢)=90, 


dx dy dz 
A spe ine agg ma 
ax d’y az 


aa + ae t ae 
Ce) ae Clea) J AAS 0 at 


dx dy dz 
Cla 2 Meret an Pate saa i a 


aa dx* + dy* + dz 
CR AOD 


where z, y, and z are to be replaced by f(t), $(¢), and y(t), respec- 
tively. The second and the third of these equations show that the 
plane of the osculating circle is the osculating plane of the curve I. 
If a, 6, and c be thought of as the running codrdinates, the last 
two equations represent, respectively, the normal plane at the point 
(x, y, #) and the normal plane at a point whose distance from 
(x, y, #) is infinitesimal. Hence the center of the osculating circle 
is the point of intersection of the osculating plane and the polar 
line. It follows that the osculating circle coincides with the circle 
of curvature, as we might have foreseen by noticing that two curves 
which have contact of the second order have the same circle of 
curvature, since the values of y', 2', y", 2" are the same for the two 
curves. 


236. Contact between a curve and a surface. Let S be a surface 
and I a curve tangent to S at a point A. To any point M of T 
near A let us assign a point M' of S according to such a law that 
M and M' approach A simultaneously. First let us try to find what 
law of correspondence between M and M' will render the order 
of the infinitesimal MM/' with respect to the are 4M a maximum. 
Let us choose a system of rectangular codrdinates in such a way 
that the tangent to I shall not be parallel to the yz plane, and that 
the tangent plane to S shall not be parallel to the z axis. Let 
(2g, Yo, %) be the codrdinates of A; Z = F(a, y) the equation of S; 
y =f(x), # = $(#) the equations of T; and » +1 the order of the 
infinitesimal MM/' for the given law of correspondence. The 
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coordinates of M are [a + h, fla +h), b(a) + h)]. Let X, Y, and 
Z = F(X, Y) be the codrdinates of M'. In order that MM' should 
be of order » + 1 with respect to the arc AM, or, what amounts to 
the same thing, with respect to h, it is necessary that each of the 
differences.X — x, Y — y, and Z — z should be an infinitesimal at 
least of order n+ 1, that is, that we should have 


Ae ahith Voy Bi", 2 —2=F(X,Y)—2=yh*4, 


where a, 8, y remain finite as h approaches zero. Hence we shall 


have 
F(a ae whe y al Ba) 3 ee yRee™, 


and the difference F(x, y) — 2 will be itself at least of order n + 1. 
This shows that the order of the infinitesimal MN, where N is the 
point where a parallel to the z axis pierces the surface, will be at 
least as great as that of MM'. The maximum order of contact — 
which we shall call the order of contact of the curve and the surface 
—is therefore that of the distance MN with respect to the are AM 
or with respect to 2. Or, again, we may say that the order of con- 
tact of the curve and the surface is the order of contact between T 
and the curve I in which the surface S is cut by the cylinder which 
projects T upon the xy plane. (It is evident that the z axis may be 
any line not parallel to the tangent plane.) For the equations of 
the curve I” are 


y=f(@), Z = F(a, f(x)|= O(@), 
and, by hypothesis, 
P(x») = P(X); ®'(ay) = '(&). 


If we also have 
B20) = P"(®o)» 2» BO (Wo) = H™ (Ho), OF (Ho) H HF? Bo), 
the curve and the surface have contact of order n. Since the equa- 
tion ®(”) = (x) gives the abscisse.of the points of intersection of 
the curve and the surface, these conditions for contact of order n 
at a point A may be expressed by saying that the curve meets the 
surface in 2 +1 coincident points at A. 

Finally, if the curve LT is given by equations of the form « = f(¢), 
y = $(t), = ¥(O, and the surface Sis given by a single equation 
of the form F(x, y, 2) = 0, the curve I’ just defined will have equa- 
tions of the form x = f(t), y = $(t), = 7(4), where m(¢) is a func- 
tion defined by the equation 


FL SO); 6@, TO] = 9. 
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In order that I and I’ should have contact of order n, the infini- 
tesimal 7(t) — y(t) must be of order » + 1 with respect to ¢—%; 
that is, we must have 


(to) = W(to)5 T'(ty) = Y'(to) » “aes m™™ (ty) = y™ (Zp) . 


Using F(¢) to denote the function considered in § 234, these equa- 
tions may be written in the form 


F()=0, Ft)=0, +, F(t) =0. 


These conditions may be expressed by saying that the curve and 
the surface have n +1 coincident points of intersection at their 
point of contact. 

If S be one of a family of surfaces which depends on n+ 1 
parameters a, b, c, ---, J, the parameters may be so chosen that S 
has contact of order m with a given curve at a given point; this 
surface is called the osculating surface. ) 

In the case of a plane there are three parameters. The equations 
which determine these parameters for the osculating plane are 


Af ()+ Bb D+ CY (H+D=0, 
Afi (+ Bel(Q+Cy() =, 
AS") + BS" + CY") =O. 


It is clear that these are the same equations we found before for — 
the osculating plane, and that the contact is in general of the second 
order. If the order of contact is higher, we must have 


ASME) + BEM) + CUM =0, 


ie. the osculating plane must be stationary. 


237. Osculating sphere. The equation of a sphere depends on four 
parameters; hence the osculating sphere will have contact of the 
third order. For simplicity let us suppose that the codrdinateés 
x, y, 2 of a point of the given curve I are expressed in terms of the 
are s of that curve. In order that a sphere whose center is (a, 8, ¢) 
and whose radius is p should have contact of the third order with 
T at a given point (a, y, z) on I, we must have 


E(s) 705 F/(s) = 0, Fave) sO FM'(s) == 0, 
where 


F(s) = @— a)" + (y — 08+ (@ — 0) p? 
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and where a, y, are expressed as functions of s. Expanding the 
last three of the equations of condition and applying Frenet’s 
formule, we find 


F' (8) =(e—a)a + (y—0)B+(@—0)y=0, 
F'(@)=@—a) f+ 2+@-0%41=0, 


R R 

fee = 2=4(6 fat 2 (8 % seek y" 

Fm) Aha a Vp aie R \R’ 
1 dR 


— = [(@— aa! + (y —1) p+ (2-0) y'J=0. 


These three equations determine a, 6, and c. But the first of them 
represents the normal plane to the curve T at the point (a, y, z) in 
the running codrdinates (a, b, c), and the other two may be derived 
from this one by differentiating twice with respect to s. Hence 
the center of the osculating sphere is the point where the polar line 
touches its envelope. In order to solve the three equations we may 
reduce the last one by means of the others to the form 


dR 
(e—a)a" + (y—Dp"+ (eo) y= TT 


from which it is easy to derive the formule 


d dR 
a=a+Ra'—~T—— a", b=y+Rp'—T— 8", 
Jee ies aoa 
ae U ds * ° 


Hence the radius of the osculating sphere is given by the formula 


d R\? 
2 2 T? este) 
p= nig 72(<S) 
If RF is constant, the center of the osculating sphere coincides with 


the center of curvature, which agrees with the result obtained in 
§ 233. 


238. Osculating straight lines. If the equations of a family of 
curves depend on n + 2 parameters, the parameters may be chosen 
in such a way that the resulting curve C has contact of order m with 
a given surface S ata point M. For the equation which expresses 
that C meets S at M and the » + 1 equations which express that 
there are x +1 coincident points of intersection at M constitute 
n + 2 equations for the determination of the parameters. 


494 SKEW CURVES (XI, Exs. 


For example, the equations of a straight line depend on four 
parameters. Hence, through each point M of a given surface S, 
there exist one or more straight lines which have contact of the 
second order with the surface. In order to determine these lines, 
let us take the origin at the point M, and let us suppose that the 
z axis is not parallel to the tangent plane at M. Let z = F(a, y) 
be the equation of the surface with respect to these axes. The 
required line evidently passes through the origin, and its equations 
are of the form 


Hence the equation cp = F(ap, bp) should have a triple root p= 0; 
that is, we should have 

c= ap+ bq, 

0 = a’r + 2abs + 678, 


where 7, g, 7, s, ¢ denote the values of the first and second deriva- 
tives of F(a, y) at the origin. The first of these equations expresses 
that the required line lies in the tangent plane, which is evident 
a priori. The second equation is a quadratic equation in the ratio 
b/a, and its roots are real if s* — r¢ is positive. Hence there are in 
general two and only two straight lines through any point of a given 
surface which have contact of the second order with that surface. 
These lines will be real or imaginary according as s? — 7t is positive 
or negative. We shall meet these lines again in the following 
chapter, in the study of the curvature of surfaces. 


EXERCISES 


1. Find, in finite form, the equations of the evolutes of the curve which 
cuts the straight line generators of a right circular cone at a constant angle. 


Discuss the problem. 
[Licence, Marseilles, July, 1884. ] 


2. Do there exist skew curves I’ for which the three points of intersection 
of a fixed plane P with the tangent, the principal normal, and the binormal are 
the vertices of an equilateral triangle ? 


3. Let I be the edge of regression of a surface which is the envelope of 
a one-parameter family of spheres, i.e. the envelope of the characteristic circles. 
Show that the curve which is the locus of the centers of the spheres lies on 
the polar surface of IT. Also state and prove the converse. 


.4. Let T be a given skew curve, M a point on IT, and O a fixed point in 
space. Through O draw a line parallel to the polar line to T at M, and lay off 
on this parallel a segment OWN equal to the radius of curyature of fat M. Show 
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that the curve I” described by the point N and the curve I” described by the 

center of curvature of I have their tangents perpendicular, their elements of 

length equal, and their radii of curvature equal, at corresponding points. 
[RovaueEt. ] 


5. If the osculating sphere to a given skew curve I has a constant radius a, 
show that I lies on a sphere of radius a, at least unless the radius of curvature 
of I is constant and equal to a. 


6. Show that the necessary and sufficient condition that the locus of the 
center of curvature of a helix drawn on a cylinder should be another helix on a 
cylinder parallel to the first one is that the right section of the second cylinder 
should be a circle or a logarithmic spiral. In the latter case show that all the 
helices lie on circular cones which have the same axis and the same vertex. 

[Tissor, Nouvelles Annales, Vol. XI, 1852.] 


7*, If two skew curves have the same principal normals, the osculating 
planes of the two curves at the points where they meet the same normal make 
a constant angle with each other. The two points just mentioned and the cen- 
ters of curvature of the two curves form a system of four points whose anhar- 
monic ratio is constant. The product of the radii of torsion of the two curves 
at corresponding points is a constant. 

[PAuy Serret; Mannuyerm ; ScHELL. ] 


8*, Let x, y, z be the rectangular codrdinates of a point on a skew curve I, 
and s the arc of that curve. Then the curve Ip defined by the equations 


m = f ads, vo = f 6’ ds, zo= frv'ds, 


where %o, Yo, Zo are the running coordinates, is called the conjugate curve to T; 
and the curve defined by the equations 


X=2Zc0sé+ xsind, Y=ycosé + yosin 0, Z=2zcos6 + zosind, 


where X, Y, Z are the running codrdinates and 6 is a constant angle, is called 
a related curve. Find the orientation of the fundamental trihedron for each of 
these curves, and find their radii of curvature and of torsion. 

If the curvature of T is constant, the torsion of the curve Ig is constant, and 
the related curves are curves of the Bertrand type (§ 233). Hence find the 
general equations of the latter curves. 


9. Let I and I’ be two skew curves which are tangent at a point A. From 
A lay off infinitesimal arcs AM and AM’ from A along the two curves in the 


same direction. Find the limiting position of the line MM’. 
[Caucny. ] 


10. In order that a straight line rigidly connected to the fundamental trihe- 
dron of a skew curve and passing through the vertex of the trihedron should 
describe a developable surface, that straight line must coincide with the tangent, 
at least unless the given skew curve is a helix. In the latter case there are an 
infinite number of straight lines which have the required property. 
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For a curve of the Bertrand type there exist two hyperbolic paraboloids 
rigidly connected to the fundamental trihedron, each of whose generators 


describes a developable surface. 
[CusaAro, Rivista di Mathematica, Vol. II, 1892, p. 155.] 


11*. In order that the principal normals of a given skew curve should be the 
binormals of another curve, the radii of curvature and the radii of torsion of 
the first curve must satisfy a relation of the form 


where A and B are constants. 
[MannuEIm, Comptes rendus, 1877. ] 


[The case in which a straight line through a point on a skew curve rigidly 
connected with the fundamental trihedron is also the principal normal (or the 
binormal) of another skew curve has been discussed by Pellet (Comptes rendus, 
May, 1887), by Cesaro (Nouvelles Annales, 1888, p. 147), and by Balitrand 
(Mathesis, 1894, p. 159).] 


12. If the osculating plane to a skew curve I is always tangent to a fixed 
sphere whose center is O, show that the plane through the tangent perpen- 
dicular to the principal normal passes through O, and show that the ratio of 
the radius of curvature to the radius of torsion is a linear function of the arc. 
State and prove the converse theorems. 


CHAPTER XII 


SURFACES 


I. CURVATURE OF CURVES DRAWN ON A SURFACE 


239. Fundamental formula. Meusnier’s theorem. In order to study 
the curvature of a surface at a non-singular point M, we shall sup- 
pose the surface referred to a system of rectangular coérdinates 
such that the axis of z is not parallel to the tangent plane at ™. 
If the surface is analytic, its equation may be written in the form 


(1) A= F(a, y), 


where F(x, y) is developable in power series according to powers of 
XL — Xo Sy y — Yo m the neighborhood of the point W (x0, Yor %o) 
($194). But the arguments which we shall use do not require the 
assumption that the surface should be analytic: we shall merely 
suppose that the function F(a, y), together with its first and second 
derivatives, is continuous near the point (a), ¥) We shall use 
Monge’s notation, p, q, 7, s, t, for these derivatives. 

It is seen immediately from the equation of the tangent plane 
that the direction cosines of the normal to the surface are propor- 
tional to p, g, and —1. If we adopt as the positive direction of the 
normal that which makes an acute angle with the positive z axis, 
the actual direction cosines themselves X, p, v are given by the 
formule 

=p ra =f “a il : 

OO" Vinee Vinee "Vier? 

Let C be acurve on the surface S through the point M, and lev 
the equations of this curve be given in parameter form; then the 
functions of the parameter which represent the codrdinates of a 
point of this curve satisfy the equation (1), and hence their differ- 
entials satisfy the two relations 


(3) dz = pdx +qdy, 
(4) z=pda+qd?y + rdx* + 2sdx dy + tdy’. 
497 
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The first of these equations means that the tangent to the curve C 
lies in the tangent plane to the surface. In order to interpret the 
second geometrically, let us express the differentials which occur in 
it in terms of known geometrical quantities. If the independent 
variable be the arc o of the curve C, we shall have 


: _, a, @e_d, by 8 ee _y 
dat ve Fe meu lg? Sih mendes? Suk 


where the letters a, B, y, a’, B', y', R have the same meanings as in 
§ 229. Substituting these values in (4) and dividing by V1+p? + q’, 
that equation becomes 


y' — pa'— gp! _ ra? + 2saB+ tp 

RVI +97 V1i+ p? + ¢ 

da! + pBl + vy! _ re + 2saB + tp? 
r Vite te 


or, by (2), 


But the numerator Aa! + wf! + vy' is nothing but the cosine of the 
angle 6 included between the principal normal to C and the positive 
direction of the normal to the surface ; hence the preceding formula 
may be written in the form 


cos@ rat + 2saB ao tp? 
6 eee 
R Vi+p?+4¢ 


This formula is exactly equivalent to the formula (4); hence it 
contains all the information we can discover concerning the curva- 
ture of curves drawn on the surface. Since R and V1 + p?+ q? 
are both essentially positive, cos 6 and ra? + 2saB + tf? have the same 
sign, l.e. the sign of the latter quantity shows whether 6 is acute or 
obtuse. In the first place, let us consider all the curves on the sur- 
face S through the point M which have the same osculating plane 
(which shall be other than the tangent plane) at the point M. All 
these curves have the same tangent, namely the intersection of the 
osculating plane with the tangent plane to the surface. The direc- 
tion cosines a, 8, y therefore coincide for all these curves. Again, 
the principal normal to any of these curves coincides with one of 
the two directions which can be selected upon the perpendicular to the 
tangent line in the osculating plane. Let w be the angle which the 
normal to the surface makes with one of these directions; then we 
shall have 6=wo or 0=7—wo. But the sign of ra? + 2saB + tf? 
shows whether the angle 6 is acute or obtuse; hence the positive 
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direction of the principal normal is the same for all these curves. 
Since 6 is also the same for all the curves, the radius of curvature 
R is the same for them all; that is to say, all the curves on the sur- 
face through the point M which have the same osculating plane have 
the same center of curvature. 

It follows that we need only study the curvature of the plane 
sections of the surface. First let us study the variation of the 
curvature of the sections of the surface by planes which all pass 
through the same tangent MT. We may suppose, without loss of 
generality, that ra? + 2saB + tB? > 0, for a change in the direction 
of the z axis is sufficient to change the signs of 7, s, and ¢. For all 
these plane sections we shall have, therefore, cos@ > 0, and the 
angle 6 is acute. If R, be the radius of curvature of the section 
by the normal plane through M7, since the corresponding angle 0 
is zero, we shall have 

Ay vee + 208 hip" 
Ry AA Soe el 


Comparing this formula with equation (5), which gives the radius 
of curvature of any oblique section, we find 


©) oe 


or R=R, cos 6, which shows that the center of curvature of any 
oblique section is the projection of the center of curvature of the 
‘normal section through the same tangent line. This is Meusnier’s 
theorem. 

The preceding theorem reduces the study of the curvature of 
oblique sections to the study of the curvature of normal sections. 
We shall discuss directly the results obtained by Euler. First let 
us remark that the formula (5) will appear in two different forms 
for a normal section according as ra? + 2saB + tB? is positive or 
negative. In order to avoid the inconvenience of carrying these 
two signs, we shall agree to affix the sign + or the sign — to the 
radius of curvature R of anormal section according as the direction 
from M to the center of curvature of the section is the same as or 
opposite to the positive direction of the normal to the surface. 
With this convention, R is given in either case by the formula 


(7) 1 rat+ 2saB + tf 
ees d 
R ~ | + p? + gq? 
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which shows without ambiguity the direction in which the center 
of curvature lies. 

From (7) it is easy to determine the position of the surface with 
respect to its tangent plane near the point of tangency. For if 
s —rt <0, the quadratic form ra* + 2saB + tp? keeps the same 
sign —the sign of 7 and of ¢— as the normal plane turns around 
the normal; hence all the normal sections have their centers of 
curvature on the same side of the tangent plane, and therefore all 
lie on the same side of that plane: the surface is said to be convex 
at such a point, and the point is called an elliptic point. On the 
contrary, if s? — rt > 0, the form ra’ + 2saB8 + tf vanishes for two 
particular positions of the normal plane, and the corresponding 
normal séctions have, in general, a point of inflection. When the 
normal plane lies in one of the dihedral angles formed by these two 
planes, R is positive, and the corresponding section les above the tan- 
gent plane; when the normal plane lies in the other dihedral angle, 
R is negative, and the section les below the tangent plane. Hence 
in this case the surface crosses its tangent plane at the point of 
tangency. Such a point is called a hyperbolic point. Finally, if 
s? — rt = 0, all the normal sections le on the same side of the tan- 
gent plane near the point of tangency except that one for which 
the radius of curvature is infinite. The latter section usually 
crosses the tangent plane. Such a point is called a parabolic point. 

It is easy to verify these results by a direct study of the ditfer- 
ence u = 2 — 2! of the values of z for a point on the surface and for 
the point on the tangent plane at M which projects into the same 
point (x, y) on the zy plane. For we have 


2! = p(w — %&) + a(y — YH), 


whence, for the point of tangency (2, y%), 


and 


=S, zat. 


It follows that if s* — 7t <0, wis a maximum or a minimum at M 
(§ 56), and since wv vanishes at M, it has the same sign for all other 
points in the neighborhood. On the other hand, if s?—7t> 0, u 
has neither a maximum nor a minimum at M, and hence it changes 
sign in any neighborhood of M. 
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240. Euler’s theorems. The indicatrix. In order to study the varia- 
tion of the radius of curvature of a normal section, let us take the 
point M as the origin and the tangent plane at M as the zy plane. 
With such a system of axes we shall have p=gq=0, and the 
formula (7) becomes 


iJ 
(8) Faas OS Ps cos ¢ sind + ¢ sin’¢, 


where ¢ is the angle which the trace of the normal plane makes 
with the positive « axis. Equating the derivative of the second 
member to zero, we find that the points at which R may be a maxi- 
mum or a minimum stand at right angles. The following geomet- 
rical picture is a convenient means of visualizing the variation of R. 
Let us lay off, on the line of intersection of the normal plane with 
the xy plane, from the origin, a length Om equal numerically to the 
square root of the absolute value of the corresponding radius of cur- 
vature. The point m will describe a curve, which gives an instanta- 
neous picture of the variation of the radius of curvature. This curve 
is called the indicatrix. Let us examine the three possible cases. 


1) s*—rt <0. Inthis case the radius & has a constant sign, which 
we shall suppose positive. The coordinates of m are = VR cos 
and » = VR sin ; hence the equation of the indicatria is 


(9) re + 2séq + ty? =1, 


which is the equation of an ellipse whose center is the origin. It is 
clear that R is at a maximum for the section made by the normal 
plane through the major axis of this ellipse, and at a minimum for 
the normal plane through the minor axis. The sections made by two 
planes which are equally inclined to the two axes evidently have the 
same curvature. The two sections whose planes pass through the 
axes of the indicatrix are called the principal normal sections, and 
the corresponding radii of curvature are called the principal radii of 
curvature. If the axes of the indicatrix are taken for the axes of x 
and y, we shall have s = 0, and the formula (8) becomes 


zs =rcos?? + ¢sin’¢. 

R 
With these axes the principal radii of curvature R, and R, correspond 
to @¢ = 0 and $= 7/2, respectively; hence 1/R, = 7, 1/R, =¢, and 
1 cos’ | sin’ 


(10) pny R, 
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2) s}—rt>0. The normal sections which correspond to the 
values of ¢ which satisfy the equation 


r cos? + 2s cos ¢ sin d + t sin?¢d = 0 


have infinite radii of curvature. Let L/OL, and LJOL, be the inter- 
sections of these two planes with the zy plane. When the trace of 
the normal plane lies in the angle 1,0L,, for example, the radius 
of curvature is positive. Hence the corresponling portion of the 
indicatrix 1s represented by the equation 


ree + 2sén + ty? =i. 


where € and » are, as in the previous case, the coérdinates of the 
point m. This is an hyperbola whose asymptotes are the lines 
LIOL, and LjOL,. When the trace of the normal plane lies in the 
other angle LJOL,, R is negative, and the coérdinates of m are 


é=V— Roos ¢, n= V—Rsing. 
Hence the corresponding portion of the indicatrix is the hyperbola 
r@ + 2sin + ty? =—1, 


which is conjugate to the preceding hyperbola. These two hyper- 
bolas together form a picture of the variation of the radius of curva- 
ture in this case. If the axes of the hyperbolas be taken as the 
x and y axes, the formula (8) may be written in the form (10), as in 
the previous case, where now, however, the principal radii of curva- 
ture R, and R, have opposite signs. 


3) s?—7rt=0. In this case the radius of curvature R has a 
fixed sign, which we shall suppose positive. The indicatrix is still 
represented by the equation (9), but, since its center is at the origin 
and it is of the parabolic type, it must be composed of two parallel 
straight lines. If the axis of y be taken parallel to these lines, we 
shall have s = 0, ¢ = 0, and the general formula (8) becomes 


Be cos’, 
or 

1 cos’ 

ye iS 


This case may also be considered to be a limiting case of either of 
the preceding, and the formula just found may be thought of as the 
limiting case of (10), when R, becomes infinite. 
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Euler’s formule may be established without using the formula (5). Taking 
the point M of the given surface as the origin and the tangent plane as the zy 
plane, the expansion of z by Taylor’s series may be written in the form 

2 2 
eye cour Tip 


’ 


where the terms not written down are of order greater than two. In order 
to find the radii of curvature of the section made by a plane y = ztan¢, we 
may introduce the transformation 


z=2cos¢—y’ sing, y=27vsng+y’cos¢, 
and then set y’=0. This gives the expansion of z in powers of 2’, 


2 28 si t sin? 
2 — TOO + see eet sin ia fe es 


which, by § 214, leads to the formula (8). 


Notes. The section of the surface by its tangent plane is given by the equation 
0 = ra? + 2szy + ty? + o3(@, yy) +--°; 
and has a double point at the origin. The two tangents at this point are the 
asymptotic tangents. More generally, if two surfaces S and S, are both tangent 
at the origin to the zy plane, the projection of their curve of intersection on the 
zy plane is given by the equation 
0 = (r — rj) a? + 2(8 — 83) ay + (6-—h)y?+---, 

where 71, $1, t; have the same meaning for the surface S,; that r, s, t have 
for S. The nature of the double point depends upon the sign of the expression 
(s — 81)? — (r—11)((—t). If this expression is zero, the curve of intersection 
has, in general, a cusp at the origin. 


To recapitulate, there exist on any surface four remarkable posi- 
tions for the tangent at any point: two perpendicular tangents for 
which the corresponding radii of curvature have a maximum or a 
minimum, and two so-called asymptotic, or principal,* tangents, for 
which the corresponding radii of curvature are infinite. The latter are 
to be found by equating the trinomial ra?+ 2saB + tf to zero (§ 238). 
We proceed to show how to find the principal normal sections and 
the principal radii of curvature for any system of rectangular axes. 


241. Principal radii of curvature. There are in general two different 
normal sections whose radii of curvature are equal to any given 
value of R. The only exception is the case in which the given 
value of R is one of the principal radii of curvature, in which case 


* The reader should distinguish sharply the directions of the principal tangents 
(the asymptotes of the indicatrix) and the directions of the principal normal sections 
(the axes of the indicatrix). To ayoid confusion we shall not use the term principal 
tangent. — TRANS. 
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only the coriesponding principal section has the assigned radius 
of curvature. To determine the normal sections whose radius of 
curvature is a given number R, we may determine the values of 
a, B, y by the three equations 


V1i+ p? +9? 


R =rei+2ZsaB+tB?, yopat+ gf, a+ B+y=1. 


It is easy to derive from these the following homogeneous combina- 
tion of degree zero in a and B: 
(11) Valeipt ee ro? + 2saB + tp? 
R at + B+ (pa + 9B)? 
It follows that the ratio B/a is given by the equation 
(i+ p?—rD) + 2aB( pg — sD) + BPA+ g—tD)= 


where R=DV1+p?+ %. If this equation has a double root, that 
root satisfies each of the equations formed by setting the two first 
derivatives of the left-hand side with respect to a and B equal to 
zero : 


(12) 


al+p?—rD)+B(pq—sD) =0, 
a(p¢ —sD)+ B+ 97?—tD)=0. 
Eliminating a and £ and replacing D by its value, we obtain an 
equation for the principal radii of curvature: 


(ré—8°*) 2 —N1 +p? +9 [A+ p)t+A+ ¢’)r—2pqs]k 
+(1+ p’?+9°)?=0 
On the other hand, eliminating D from the equations (12), we obtain 
an equation of the second degree which determines the lines of inter- 
section of the tangent plane with the principal normal sections : 
cay {ols 2 
+eB[Lt+ p)t—A+ 9’) r]+ BL pgt—(1+ 9’)s]=0. 
From the very nature of the problem the roots of the equations (13) 
and (14) will surely be real. It is easy to verify this fact directly. 
In order that the equation for R should have equal roots, it is 
necessary that the indicatrix should be a circle, in which case all 
the normal sections will have the same radius of curvature.. Hence 


the second member of (11) must be independent of the ratio B/a, 
which necessitates the equations 


c1s)} 


(15) SE my Noe, 
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The points which satisfy these equations are called wmbilics. At 
such points the equation (14) reduces to an identity, since every 
diameter of a circle is also an axis of symmetry. 

It is often possible to determine the principal normal sections 
from certain geometrical considerations. For instance, if a surface 
S has a plane of symmetry through a point M on the surface, it is 
clear that the line of intersection of that plane with the tangent 
plane at M is a line of symmetry of the indicatrix; hence the sec- 
tion by the plane of symmetry is one of the principal sections. For 
example, on a surface of revolution the meridian through any point 
is one of the principal normal sections; it is evident that the plane 
of the other principal normal section passes through the normal to 
the surface and the tangent to the circular parallel at the point. 
But we know the center of curvature of one of the oblique sections 
through this tangent line, namely that of the circular parallel itself. 
It follows from Meusnier’s theorem that the center of curvature of 
the second principal section is the point where the normal to the 
surface meets the axis of revolution. 

At any point of a developable surface, s? — rt = 0, and the indica- 
trix is a pair of parallel straight lines. One of the principal sec- 
tions coincides with the generator, and the corresponding radius of 
curvature is infinite. The plane of the second principal section is 
perpendicular to the generator. All the points of a developable 
surface are parabolic, and, conversely, these are the only surfaces 
which have that property (§ 222). 

If anon-developable surface is convex at certain points, while other 
points of the surface are hyperbolic, there is usually a line of para- 
bolic points which separates the region where s’ — r¢ is positive from 
the region where the same quantity is negative. For example, on the 
anchor ring, these parabolic lines are the extreme circular parallels. 


In general there are on any convex surface only a finite number of umbilics. 
We proceed to show that the only real surface for which every point is an 
umbilic is the sphere.. Let , u, v be the direction cosines of the normal to the 
surface. Differentiating (2), we find the formule 


or _ pas—(1+ @)r Or _ pgt—(1+ q°)s 
== ra 
ao (+ p+ gyi’ ty (1+ p+ 9g)? 
Ou _ par—(i+p?)s Ou = bas— (1+ pit 
a tpt +g ey (+ p+ gt 
or, by (15 
pan, bs (18), ain wet an an 


(eu ay : Foie : ax «Oy 
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The first equation shows that d is independent of y, the second that » is inde- 
pendent of z; hence the common value of 6A/éz, du/éy is independent of both 
z and y, i.e. it isa constant, say 1/a. This fact leads to the equations 


x — Xo Y — Yo Vaz — (@ — xo)? — (y — Yo)? 
Ot ea ged Ee EL y= , 

a a a 

r xL — Lo 

p=- = “) 

y Vat — (% — xo)? — (y — Yo)? 

g=—t= ¥ — Yo 3 

v Var (a Xo)? YY Yo)? 


whence, integrating, the value of z is found to be 


Z=,20 + Va? — (@ — £0)? — (y — Yo)? 


which is the equation of a sphere. It is evident that if 0\/éx = du/dy = 0, the 
surface is a plane. But the equations (15) also have an infinite number of 
imaginary solutions which satisfy the relation 1+ p? + q? = 0, as we can see by 
differentiating this equation with respect to x and with respect to y. 


II. ASYMPTOTIC LINES CONJUGATE LINES 


242. Definition and properties of asymptotic lines. At every hyper- 
bolic point of a surface there are two tangents for which the corre- 
sponding normal sections have infinite radii of curvature, namely 
the asymptotes of the indicatrix. The curves on the given surface 
which are tangent at each of their points to one of these asymptotic 
directions are called usymptotic lines. If a point moves along any 
curve on a surface, the differentials dx, dy, dz are proportional to 
the direction cosines of the tangent. For an asymptotic tangent 
ra’? + 2saB + +B’ =0; hence the differentials dx and dy at any point 
of an asymptotic line must satisfy the relation 


(16) rdx* + 2sdxedy+tdy?=0. 


If the equation of the surface be given in the form z = F(a, y), and 
we substitute for 7, s, and ¢ their values as functions of x and y, 
this equation may be solved for dy/dx, and we shall obtain the two 


solutions 
dy d 
On) adn pri(%, ¥), ce = $2(@, y). 


We shall see later that each of these equations has an infinite num- 
ber of solutions, and that every pair of values (a, y)) determines 
in general one and only one solution. It follows that there pass 
through every point of the surface, in general, two and only two 
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asymptotic lines: all these lines together form a double system of 
lines upon the surface. 

Again, the asymptotic lines may be defined without the use of 
any metrical relation: the asymptotic lines on a surface are those 
curves for which the osculating plane always coincides with the tan- 
gent plane to the surface. For the necessary and sufficient condition 
that the osculating plane should coincide with the tangent plane to 
the surface is that the equations 


dz —pdx —qdy=0, dz — pdx —qd?y=0 


should be satisfied simultaneously (see § 215). The first of these 
equations is satisfied by any curve which lies on the surface. Dif- 
ferentiating it, we obtain the equation 


az —pd?x —qd*y — dpdx —dqdy=0, 


which shows that the second of the preceding equations may be 
replaced by the following relation between the first differentials : 


(18) dpdx +dqdy=0, 


an equation which coincides with (16). Moreover it is easy to 
explain why the two definitions are equivalent. Since the radius of 
curvature of the normal section which is tangent to an asymptote 
of the indicatrix is infinite, the radius of curvature of the asymp- 
totic line will also be infinite, by Meusnier’s theorem, at least unless 
the osculating plane is perpendicular to the normal plane, in which 
case Meusnier’s theorem becomes illusory. Hence the osculating 
plane to an asymptotic line must coincide with the tangent plane, 
at least unless the radius of curvature is infinite; but if this were 
true, the line would be a straight line and its osculating plane 
would be indeterminate. It follows from this property that any 
projective transformation carries the asymptotic lines into asymp- 
- totic lines. It is evident also that the differential equation is of 
the same form whether the axes are rectangular or oblique, for the 
equation of the osculating plane remains of the same form. 

It is clear that the asymptotic lines exist only in case the points of 
the surface are hyperbolic. But when the surface is analytic the 
differential equation (16) always has an infinite number of solu- 
tions, real or imaginary, whether s? — rt is positive or negative. Asa 
generalization we shall say that any convex surface possesses two sys- 
tems of imaginary asymptotic lines. Thus the asymptotic lines of an 
unparted hyperboloid are the two systems of rectilinear generators. 
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For an ellipsoid or a sphere these generators are imaginary, but 
they satisfy the differential equation for the asymptotic lines. 
Example. Let us try to find the asymptotic lines of the surface 


pi GY Ee 
In this example we have 


r= m(m — lyer= 24, s=mner—lyn-1, t= n(n —1)amyr-2, 


and the differential equation (16) may be written in the form 


m(m — 1) (“ey ~ 2mn( 1) + n(n —1)=0. 
y 


This equation may be solved as a quadratic in (ydz)/(ady). Let hy and hz be 
the solutions. Then the two families of asymptotic lines are the curves which 
project, on the zy plane, into the curves 


ya Oe, y2= Con. 


243. Differential equation in parameter form. Let the equations of 
the surface be given in terms of two parameters wu and v: 


(19) x= flu, v), y = $(% Vv), 2 = WU, Vv). 
Using the second definition of asymptotic lines, let us write the 
equation of the tangent plane in the form 


(20) A(X —x)+ B(Y—y)+C(Z—2)=0, 
where 4, B, and C satisfy the Ring 
. ee eee nt, 
Ou a ou 
(21) i : 
rs Be Ais e+ Gee ATi 


ov 


which are the equations for A, B, and C found in § 39. Since the 
osculating plane of an asymptotic line is the same as this tangent 
plane, these same coefficients must satisfy the equations 


Adx +Bdy +Cdz =0, 
A@®x+t Bady+Cdz=0. 
The first of these equations, as above, is satisfied identically. Differ- 
entiating it, we see that the second may be replaced by the equation 
(22) dA dx +dBdy+dCdz=0, 


which is the required differential equation. If, for example, we 
set C = — 1 in the equations (21), 4 and B are equal, respectively, 
to the partial derivatives p and qg of z with respect to x and y, and 
the equation (22) coincides with (18). 
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Examples. As an example let us consider the conoid z = ¢(y/x). This equa- 
tion is equivalent to the system x =u, y = uv, z= ¢(v), and the equations (21) 
become 

A+ Bv=0, Bu + C¢’(v) = 0. 


These equations are satisfied if we set C=— u, A =— v¢’(v), B= ¢’(v); hence 
the equation (22) takes the form 


up’ (v) dv? — 2¢’(v)dudv = 0. 


One solution of this equation is v = const., which gives the rectilinear genera- 
tors. Dividing by dv, the remaining equation is 


gp (v)dv _ 2du 
re 
$(v) u 
whence the second system of asymptotic lines are the curves on the surface 
defined by the equation u?= K¢’(v), which project on the zy plane into the 


curves 
2— Ko'( 4%): 
x K¢ (%) 


Again, consider the surfaces discussed by Jamet, whose equation may be 


written in the form 
of (‘) == I) 
& 


Taking the independent variables z and u=y/a, the differential equation of 
the asymptotic lines may be written in the form 


pea -2,/ 


from which each of the systems of asymptotic lines may be found by a single 
quadrature. 
A helicoid is a surface defined by equations of the form 


Roe, 
Fu)” 


L=pcosy, y=psinw, z2=f(p) + hw. 
The reader may show that the differential equation of the asymptotic lines is 
pt’ (p) dp? — 2hdwdp + p?f(p) du? = 0, 


from which w may be found by a single quadrature. 
244. Asymptotic lines on a ruled surface. Eliminating 4, B, and C 
between the equations (21) and the equation 
A@x+Bd@y+C@z=0, 


we find the general differential equation of the asymptotic lines : 


of Ob oy 
Ou Ou ou 
(23) af os oy|=0. 


ov ov oov 
Cx dy dz 
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This equation does not contain the second differentials d?w and d?v, 


for we have 
2 of 24 of 2 e iB 
ae SH le Tae joe 
and analogous expressions for d?y and @?z. Subtracting from the 
third row of the determinant (23) the first row multiphed by du 
and the second row multiplied by d?v, the differential equation 


becomes 


on Ooh: 
Ou ay Lu de + aig av 


of Cp Cy 
Ou Ou ou 
af ag oul _ 
Ov Oe Onl ee ee 
OF P af ES oa 
Ba wu +25 dudv + 7 Ov? 


Developing this determinant with respect to the elements of the 
first row and arranging with respect to du and dv, the equation 
may be written in the form 


(24) Ddv? + 2D'dudv + D'dv?=0, 
where D, D', and D" denote the three determinants 
0u Ou Cu Ou Ou Ou 
Cam Oy dz F Ox oy 0z 
Dera) Bae Roo peer laG amon emcee 
Ox Ory x Orn Ory O72 
(25) Ou? ou" Ou? 6udv Oudv Oudv 
Oe ne Ge 
Ou Ow ou 
Cee 20y z 
Tee panier uae 
i Ov = =0v-—sou 
OF Oy NOR 
Ov? dv? = Ov’ 


As an application let us consider a ruled surface, that is, a surface 
whose equations are of the form 

X= X + au, Y=Yo+ Bu, z= 2+ yu, 
where 2%, Y%, %, & 8, y are all functions of a second variable param- 
eter v. If we set w= 0, the point (a, yo, 2) describes a certain 
curve I’ which lies on the surface. On the other hand, if we set 
v = const. and let wv vary, the point (2, y, z) will describe a straight- 
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line generator of the ruled surface, and the value of w at any point 
of the line will be proportional to the distance between the point 
(x, y, #) and the point (a, 70, %) at which the generator meets the 
curve I. It is evident from the formule (25) that D = 0, that D' 
is independent of uw, and that D" is a polynomial of the second 
degree in w; 
a 
D' =| 2% + a'u 
xy + alu 

Since dv is a factor of (24), one system of asymptotic lines consists 
of the rectilinear generators v = const. Dividing by dv, the remain- 
ing differential equation for the other system of asymptotic lines is 
of the form 


(26) + Tat + Mu+N=0, 


where L, M, and N are functions of the single variable v. An equa- 
tion of this type possesses certain remarkable properties, which we 
shall study later. For example, we shall see that the anharmonic 
ratio of any four solutions is a constant. It follows that the anhar- 
monic ratio of the four points in which a generator meets any four 
asymptotic lines of the other system is the same for all generators, 
which enables us to discover all the asymptotic lines of the second 
system whenever any three of them are known. We shall also 
see that whenever one or two integrals of the equation (26) are 
known, all the rest can be found by two quadratures or by a single 
quadrature. Thus, if all the generators meet a fixed straight line, 
that line will be an asymptotic line of the second system, and all 
the others can be found by two quadratures. If the surface pos- 
sesses two such rectilinear directrices, we should know two asymp- 
totic lines of the second system, and it would appear that another 
quadrature would be required to find all the others. But we can 
obtain a more complete result. For if a surface possesses two 
rectilinear directrices, a projective transformation can be found 
which will carry one of them to infinity and transform the surface 
into a conoid; but we saw in § 243 that the asymptotic lines on a 
conoid could be found without a single quadrature. 


245. Conjugate lines. Any two conjugate diameters of the indica- 
trix at a point of a given surface S are called conjugate tangents. 
To every tangent to the surface there corresponds a conjugate 
tangent, which coincides with the first when and only when the given 
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tangent is an asymptotic tangent. Let z = F(a, y) be the equation of 
the surface S, and let m and m! be the slopes of the projections of 
two conjugate tangents on the zy plane. These projections on the 
xy plane must be harmonic conjugates with respect to the projec- 
tions of the two asymptotic tangents at the same point of the sur- 
face. But the slopes of the projections of the asymptotic tangents 


satisfy the equation 
r+ 2s + tu? = 0. 


In order that the projections of the conjugate tangents should be 
harmonic conjugates with respect to the projections of the asymp- 
totic tangents, it is necessary and sufficient that we should have 


(27) r+s(m+m')+tmm'=0. 


If C be a curve on the surface S, the envelope of the tangent 
plane to S at points along this curve is a developable surface which 
is tangent to S all along C.. At every point M of C the generator of 
this developable is the conjugate tangent to the tangent to C. Along 
C, x, y;, %, p, and g are functions of a single independent variable a. 
The generator of the developable is defined by the two equations 


A 2 PR a) — g\Y oY) = 
—dz+ pdx +qdy —dp(X —2%)—dq(Y—y)=0, 
the last of which reduces to 


Y—y dp _rdxe+sdy 
X—2& dq sd«a+tdy 


Let m be the slope of the projection of the tangent to C and m!' the 
slope of the projection of the generator. Then we shall have 


dy seg 


— — ! 


dee yA ie, 


and the preceding equation reduces to the form (27), which proves 
the theorem stated above. 

Two one-parameter families of curves on a surface are said to 
form a conjugate network if the tangents to the two curves of the 
two families which pass through any point are conjugate tangents 
at that point. It is evident that there are an infinite number of 
conjugate networks on any surface, for the first family may be 
assigned arbitrarily, the second family then being determined by a 
differential equation of the first order. 
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Given a surface represented by equations of the form (19), let us find the 
conditions under which the curves u = const. and v = const. form a conjugate 
network. If we move along the curve »=const., the characteristic of the 
tangent plane is represented by the two equations 


ACK =x) HBV = ye C(Z:—z) = 0, 


0A oB oc 
xX—2 ys Z—z)=0. 
AR De Maes | z) 


In order that this straight line should coincide with the tangent to the curve 
u =const., whose direction cosines are proportional to dx/dv, éy/év, dz/dv, it 
is necessary and sufficient that we should have 
Ox a) Oz 
Ue Be Ce 0. 
ov ov ov 


0A LO RENEE) dC 0% _4 
du dv du dv du ov 


Differentiating the first of these equations with regard to u, we see that the 
second may be replaced by the equation 

2 a2 2 

07x B o7y C 072% 


(28) = 
ou ov ou ov Ou ev 


and finally the elimination of A, B, and C between the equations (21) and (28) 
leads to the necessary and sufficient condition 


Ou oy Oz 


ou ou ou 
Ox oy Oz 0 
ov a) ov Sas 


O22  O*y O22 
oudv OUudv dUdv 


This condition is equivalent to saying that x, y, z are three solutions of a 
differential equation of the form 
070 00 00 


29 — uh N 
Cy) du ov Diy Sneak 


where M and W are arbitrary functions of wand v. It follows that the know]l- 
edge of three distinct integrals of an equation of this form is sufficient to 
determine the equations of a surface which is referred to a conjugate network. 
For example, if we set M= N=0, every integral of the equation (29) is 
the sum of a function of w and a function of v; hence, on any surface whose 
equations are of the form 


(80) x = f(u) + fi(v) ’ = p(u)+ $1() ’ Z= y(u) ats Wi(0), 


the curves (wu) and (v) form a conjugate network. 

Surfaces of the type (30) are called surfaces of translation. Any such surface 
may be described in two different ways by giving one rigid curve I a motion of 
translation such that one of its points moves along another rigid curve I’. For, 
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let My, M,, Mz, M be four points of the surface which correspond, respectively, 
to the four sets of values (uo, Vo), (U, Vo), (Uo, ¥), (u, v) of the parameters u and v. 
By (30) these four points are the vertices.of a plane parallelogram. If v9 is fixed 
and wu allowed to vary, the point M, will describe a curve I on the surface ; like- 
wise, if wo is kept fixed and v is allowed to vary, the point Mz will describe 
another curve I’ on the surface. It follows that we may generate the surface by 
giving T a motion of translation which causes the point M2 to describe I’, or by 
giving I’ a motion of translation which causes the point Mj to describe T. It is 
evident from this method of generation that the two families of curves (wu) and (v) 
are conjugate. For example, the tangents to the different positions of I’ at the 
various points of T form a cylinder tangent to the surface along I’; hence the 
tangents to the two curves at any point are conjugate tangents. 


Il. LINES OF CURVATURE 


246. Definition and properties of lines of curvature. A curve on a 
given surface S is called a line of curvature if the normals to the 
surface along that curve form a developable surface. If z = f(a, y) 
is the equation of the surface referred to a system of rectangular 
axes, the equations of the normal to the surface are 


ete ot ate 
Sd) 


The necessary and sufficient condition that this line should describe 
a developable surface is that the two equations 


eo ae 
—Zdq+d(y+qz)=0 


should have a solution in terms of Z (§ 223), that is, that we 
should have 


(31) 


(32) 


d(x + pz) _ ay + 92) 
CS la eA SY a, 
dp ay 
or, more simply, 
da+pdz dy+qdz 
dp i dq 
Again, replacing dz, dp, and dq by their values, this equation may 
be written in the form 


(l+ p*)de + pady _ paydu + (1+q*)dy 
rdx+sdy sdx+tdy 


(33) 


This equation possesses two solutions in dy/dx which are always 
real and unequal if the surface is real, except at an umbilic. For, 
if we replace dx and dy by a and B, respectively, the preceding 
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equation coincides with the equation found above [(14), § 241] for 
the determination of the lines of intersection of the principal normal 
sections with the tangent plané. It follows that the tangents to the 
lines of curvature through any point coincide with the axes of the 
indicatrix. We shall see in the study of differential equations that 
there is one and only one line of curvature through every non- 
singular point of a surface tangent to each one of the axes of the 
indicatrix at that point, except at an umbilic. These lines are 
always real if the surface is real, and the network which they form 
is at once orthogonal and conjugate, —a characteristic property. 


Hxample. Let us determine the lines of curvature of the paraboloid z= 
zy/a. In this example 


p=*, q=-) — 10% Se? 


and the differential equation (83) is 
dx io dy at 
Var+a2 Vy + a? 


(a2 + y*) dx? = (a? + x?) dy? or 


If we take the positive sign for both radicals, the general solution is 
(@ + vat o)(y + Vy? + a).=C, 


which gives one system of lines of curvature. If we set 


(34) N=avy2+ a+ y Va? +4 a?, 
the equation of this system may be written in the form 


A+vV'NM+at=C 


by virtue of the identity 
(a Vy? + a2+ y Vaz + a2)? t+at= [ay =k V (a? ae a?) (y? zis a?) |? 


It follows that the projections of the lines of curvature of this first system are 
represented by the equation (84), where \ is an arbitrary constant. It may be 
shown in the same manner that the projections of the lines of curvature of the 
other system are represented by the equation 


(35) aVvy+e—yvVepat=u. 


From the equation zy = az of the given paraboloid, the equations (84) and 
(35) may be written in the form 


Vr24+ 24Vy2+2=0C, Var + 22 — y+ 2=C’. 


But the expressions Vx? + z? and Vy? + 2? represent, respectively, the dis- 
tances of the point (x, y, Z) from the axes of wand y. It follows that the lines 
of curvature on the paraboloid are those curves for which the sum or the difference 
of the distances of any point upon them from the axes of x and y is a constant. 
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247. Evolute of a surface. Let C be a line of curvature on a sur- 
face S. As a point M describes the curve C, the normal MN to the 
surface remains tangent to a curve I. Let (X, Y, Z) be the coor- 
dinates of the point A at which MN is tangent tol. The ordinate 
Z is given by either of the equations (32), which reduce to a single 
equation since C is a line of curvature. The equations (32) may 
be written in the form 


_A+p’)de+pady  pyde+At+7)dy. 
ae rdax + sdy gf sdx+tdy 


Lie 


Multiplying each term of the first fraction by dx, each term of the 
second by dy, and then taking the proportion by composition, we 
find 

da? + dy* + (pda + qdy)? 


Aes rdx? + 2sdx dy + tdy? 


Again, since dz, dy, and dz are proportional to the direction cosines 
a, B, y of the tangent, this equation may be written in the form 


ges waive ah Zein Lage 1 


Z— a= Se 
re? + 2saB + tp’ ro? + 2saB+ tp? 


Comparing this formula with (7), which gives the radius of curva- 
ture R of the normal section tangent to the line of curvature, with 
the proper sign, we see that it is equivalent to the equation 

(36) Zed ee 

V1 + p? + ¢ 

where y is the cosine of the acute angle between the z axis and the 
positive direction of the normal. But 2+ Rv is exactly the value 
of 7 for the center of curvature of the normal section under con- 
sideration. It follows that the point of tangency A of the normal 
MN to its envelope T coincides with the center of curvature of the 
principal normal section tangent to C at M. Hence the curve T is 
the locus of these centers of curvature. If we consider all the lines 
of curvature of the system to which C belongs, the locus of the cor- 
responding curves I is a surface & to which every normal to the 
given surface S is tangent. For the normal JZN, for ies is 
tangent at A to the curve [ which lies on 3. 

The other line of curvature C' through M cuts C at right aie 
The normal to S along C' is itself always tangent to a curve I’ 
which is the locus of the centers of curvature of the normal sections 
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tangent to C’. The locus of this curve I” for all the lines of curva- 
ture of the system to which C' belongs is a surface 3! to which all 
the normals to S are tangent. The two surfaces } and 3%! are not 
usually analytically distinct, but form two nappes of the same sur- 
face, which is then represented by an irreducible equation. 

The normal MN to S is tangent to each of these nappes = and 3! 
at the two principal centers of curvature A and A! of the surface S 
at the point M@. It is easy to find the tangent 
planes to the two nappes at the points A and 4’ 
(Fig. 51). As the point M describes the curve 
C, the normal MN describes the developable 
surface D whose edge of regression is T; at 
the same time the point A’ where WN touches 
>! describes a curve y' distinct from I’, since 
the straight line ZN cannot remain tangent to 
two distinct curves Tr and I’. The developable 
D and the surface 3’ are tangent at A'; hence 
the tangent plane to 3’ at A' is tangent to D 
all along MN. It follows that it is the plane 
NMT, which passes through the tangent to C. 
Similarly, it is evident that the tangent plane 
to 3 at A is the plane NM7" through the tan- 
gent to the other line of curvature C’. 

The two planes NMT and NMT' stand at right angles. This fact 
leads to the following important conception. Let a normal OM be 
dropped from any point O in space on the surface S, and let A and 
A' be the principal centers of curvature of S on this normal. The 
tangent planes to } and 3! at A and A’, respectively, are perpendic- 
ular. Since each of these planes passes through the given point 0, it 
is clear that the two nappes of the evolute of any surface S, observed 


N 


3 


Fie. 51 


from any point O in space, appear to cut each other at right angles. 
The converse of this proposition will be proved later. 


248. Rodrigues’ formule. If A, uw, v denote the direction cosines 
of the normal, and R one of the principal radii of curvature, the 
corresponding principal center of curvature will be given by the 
formule 


(37) X=a+ Rr, Vi 4/)-\- Feb Z=2+Rp. 


As the point (a, y, ~) describes a line of curvature tangent to 
the normal section whose radius of curvature is R, this center of 
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curvature, as we have just seen, will describe a curve I tangent to 
the normal MN; hence we must have 


or, replacing X, Y,and Z by their values from (37) and omitting the 
common term dR, 


da+Rdd __dy+Rdp_dz+Rdv 
r ia pe Vv 


The value of any of these ratios is zero, for if we take them by 
composition after multiplying each term of the first ratio by A, of 
the second by p, and of the third by y, we obtain another ratio 
equal to any of the three; but the denominator of the new ratio is 
unity, while the numerator 


Adx + pdy +vdz+ RIAA + pdp + vdv) 
is identically zero. This gives immediately the formule of Olinde 
Rodrigues : 
(38) dx+Rdd=0, dy+ Rdp=0, dz+ Rdv=0, 
which are very important in the theory of surfaces. It should be 


noticed, however, that these formule apply only to a displacement 
of the point (a, y, z) along a line of curvature. 


249. Lines of curvature in parameter form. If the equations of the 
surface are given in terms of two parameters wu and v in the form 
(19), the equations of the normal are 

2 Sete ee a Aa 


A B Co 


where A, B, and C are determined by the equations (21). The 
necessary and sufficient condition that this line should describe a 
developable surface is, by § 223, 


dx dy dz 
(39) Al Be sOsaiax 0; 
dA dB dC 


where x, y, 2, A, B, and C are to be replaced by their expressions 
in terms of the parameters w and v; hence this is the differential 
equation of the lines of curvature. 
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As an example let us find the lines of curvature on the helicoid 


z= aare tan 4 ’ 
x 
whose equation is equivalent to the system > 
v= pcosé, y= pisinies Zi O08 
In this example the equations for A, B, and C are 
Acosé+ Bsing=0, — Apsiné+ Becosé+ Ca=0. 


Taking C =p, we find A =asiné, B=—acosé@. After expansion and simpli- 
fication the differential equation (389) becomes 


dp 
Vp® + a? 


Choosing the sign +, for example, and integrating, we find 


dp? — (p? + a?)dv2?=0 or dé=+ 


pt+vp2+a2?=ae8-%, or p= 5 [e-% — e- 0-4). 


The projections of these lines of curvature on the zy plane are all spirals which 
are easily constructed. 


The same method enables us to form the equation of the second 
degree for the principal radii of curvature. With the same symbols 
A, B, C, d, », v we shall have, except for sign, 


A = B C 
= ’ SS EEE = —<§${£=$———_ + 
VA? + B24 0? VA?24+ B24 C2 V A2+ B24 C2 


We shall adopt as the positive direction of the normal that which 
is given by the preceding equations. If RF is a principal radius of 
curvature, taken with its proper sign, the codrdinates of the corre- 
sponding center of curvature are 


Ai 2c pA, WSOP sp oles, Z=2+ /C, 
where 
1p oy) POTOV EEE (oe. 


If the point (a, y, z) describes the line of curvature tangent to the 
principal normal section whose radius of curvature is R, we have 
seen that the point (X, Y, Z) describes a curve I which is tangent 
to the normal to the surface. Hence we must have 


da +pdA+Adp_dy+pdB+ Bdp _ dz + pdC + Cdp 
A aT B ei G 
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or, denoting the common values of these ratios by dp + K, 


dx +pdA—AKk=0, 
(40) |ay-+pdp— x =0 


dz +pdC —CK=0. 
Eliminating p and K from these three equations, we find again the 


differential equation (39) of the lines of curvature. But if we 
replace dx, dy, dz, dA, dB, and dC by the expressions 


6x Ox ue 0C 
Bi ay Os Op oo du + dv, 


respectively, and then eliminate du, dv, and K, we find an equation 
for the determination of p: 


dn, 94 de, BA 
du | ? Ou ov | Pa 
oy OB oy 0B 
ou | © Ou ov ov 
! 0z QO Oe oc 
BP ie Bee Mees, 


(41) 


If we replace p by R/V A? + B? + C?, this equation becomes an 
equation for the principal radii of curvature. 

The equations (39) and (41) enable us to answer many questions 
which we have already considered. For example, the necessary 
and sufficient condition that a point of a surface should be a para- 
bolic point is that the coefficient of p? in (41) should vanish. In 
order that a point be an umbilic, the equation (39) must be satisfied 
for all values of dw and dv 


As an example let us find the principal radii of curvature of the rectilinear 
helicoid. With a slight modification of the notation used above, we shall have 


in this example 
L=UCOSY, i— Us SIN), Z=av, 


A=asinv, B=-—acosv, Of 
and the equation (41) becomes 
ap? = a2 + u2, 


whence R = + (a? + u?)/a. Hence the principal radii of curvature of the helicoid 
are numerically equal and opposite in sign. 


250. Joachimsthal’s theorem. The lines of curvature on certain 
surfaces may be found by geometrical considerations. For example, 
it is quite evident that the lines of curvature on a surface of revolu- 
tion are the meridians and the parallels of the surface, for each of 
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these curves is tangent at every point to one of the axes of the 
indicatrix at that point. This is again confirmed by the remark 
that the normals along a meridian form a plane, and the normals 
along a parallel form a circular cone,— in each case the normals . 
form a developable surface. 

On a developable surface the first system of lines of curvature 
consists of the generators. The second system consists of the 
orthogonal trajectories of the generators, that is, of the involutes of 
the edge of regression (§ 231). These can be found by a single quad- 
rature. If we know one of them, all the rest can be found without 
even one quadrature. All of these results are easily verified directly. 

The study of the theory of evolutes of a skew curve led Joa- 
chimsthal to a very important theorem, which is often used in that 
theory. Let S and S' be two surfaces whose line of intersection C 
is a line of curvature on each surface. The normal MN to S along 
C describes a developable surface, and the normal MN' to S' along 
C describes another developable surface. But each of these normals 
is normal to C. It follows from § 231 that if two surfaces have a 
common line of curvature, they intersect at a constant angle along 
that line. 

Conversely, if two surfaces intersect at a constant angle, and if 
their line of intersection is a line of curvature on one of them, it is 
also a line of curvature on the other. For we have seen that if one 
family of normals to a skew curve C form a developable surface, 
the family of normals obtained by turning each of the first family 
through the same angle in its normal plane also form a developable 
surface. 

Any curve whatever on a plane or on a sphere is a line of curva- 
ture on that surface. It follows as a corollary to Joachimsthal’s 
theorem that the necessary and sufficient condition that a plane curve 
or a spherical curve on any surface should be a line of curvature is 
that the plane or the sphere on which the curve lies should cut the 
surface at a constant.angle. 


251. Dupin’s theorem. We have already considered [$§ 43, 146] 
triply orthogonal systems of surfaces. The origin of the theory of 
such systems lay in a noted theorem due to Dupin, which we shall 
proceed to prove: 


Given any three families of surfaces which form a triply orthogonal 
system: the intersection of any two surfaces of different families is a 
line of curvature on each of them. 
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We shall base the proof on the following remark. Let F(x, y,z)=0 
be the equation of a surface tangent to the zy plane at the origin. Then 
we shall have, fora = y = z = 0, OF /éx = 0, 0F /éy = 0, but 0F /éz does 
not vanish, in general, except when the origin is a singular point. 
It follows that the necessary and sufficient condition that the a and 
y axes should be the axes of the indicatrix is thats=0. But the 
value of this second derivative s = 0°z/éx dy is given by the equation 


Oren OF I OP OF 


ms dhe — —. —s=0. 
iy Oven! ayes 0x? Pas dz ° 


Since p and qg both vanish at the origin, the necessary and sufficient 
condition that s should vanish there is that we should have 

Cra | 

Oa Oy 

Now let the three families of the triply orthogonal system be given 

by the equations 

F, (a; Y #) = pr, Fy (a, Y 2) = pa; F; (2, Yy 2) = ps, 
where fF, F,, F; satisfy the relation 
OF, OF, | OF, OF, , OF, OF, _ 
Se ae 
and two other similar relations obtained by cyclic permutation of 
the subscripts 1, 2,3. Through any point M in space there passes, 
in general, one surface of each of the three families. The tangents to 
the three curves of intersection of these three surfaces form a trirec- 
tangular trihedron. In order to prove Dupin’s theorem, it will be 
sufficient to show that each of these tangents coincides with one of 
the axes of the indicatrix on each of the surfaces to which it is 
tangent. 

In order to show this, let us take the point M as origin and the 
edges of the trirectangular trihedron as the axes of codrdinates; 
then the three surfaces pass through the origin tangent, respec- 
tively, to the three coordinate planes. At the origin we shall have, 
for example, 


OF,\ _ OF,\ _ OF;\ 5 
(z)=° (a) = (Ze) 2° 


(42) 


(43) 0 


i a ee ee 
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The axes of x and y will be the axes of the indicatrix of the surface 
F(a, y, 2) = 0 at the origin if (6° F,/ex dy))=0. To show that this 
is the case, let us differentiate (43) with respect to y, omitting the 
terms which vanish at the origin; we find 


at) aF,) , (OF) (#R\ _ 
Ox jy\ 0x Oy j dz jy Wie ‘ 


6? F, \ 0? F, 
Ox 5) Ge | 


(44) eee) ee 
Ce) 


From the two relations analogous to (43) we could deduce two 
equations analogous to (44), which may be written down by cyclic 


OF, CF, Out, OF, 
Ee) eae C | ae 
OF, OF, ; OF, OF, 
Coico ee Ge 


From (44) and (45) it is evident that we shall have also 


OR: Cv OB oe 
e ) = 10h (5; | 79, (er ml me 


which proves the theorem. 

A remarkable example of a triply orthogonal system is furnished 
by the confocal quadrics discussed in $147. It was doubtless the 
investigation of this particular system which led Dupin to the gen- 
eral theorem. It follows that the lines of curvature on an ellipsoid 
or an hyperboloid (which had been determined previously by Monge) 
are the lines of intersection of that surface with its confocal quadrics. 

The paraboloids represented by the equation 


or 


permutation : 


(45) =0 =0. 


2 2 


4X 
JOS Op 


==t Dia Ny, 


where A is a variable parameter, form another triply orthogonal 
system, which determines the lines of curvature on the paraboloid. 
Finally, the system discussed in § 246, Fi 

*Y a, Vet etVehe =p, VERE VF Te = y, 


o 


ww 


is triply orthogonal. 
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The study of triply orthogonal systems is one of the most interest- 
ing and one of the most difficult problems of differential geometry. 
A very large number of memoirs have been published on the subject, 
the results of which have been collected by Darboux in a recent 
work.* Any surface S belongs to an infinite number of triply 
orthogonal systems. One of these consists of the family of surfaces 
parallel to S and the two families of developables formed by the 
normals along the lines of curvature on S. For, let O be any point 
on the normal MN to the surface S at the point M, and let MT 
and M7' be the tangents to the two lines of curvature C and C’ 
which pass through 1; then the tangent plane to the parallel sur- 
face through O is parallel to the tangent plane to S at M, and the 
tangent planes to the two developables described by the normals to 
S along C and C'are the planes MNT and MNT", respectively. These 
three planes are perpendicular by pairs, which shows that the system 
is triply orthogonal. 

An infinite number of triply orthogonal systems can be derived 
from any one known triply orthogonal system by means of succes- 
Sive inversions, since any inversion leaves all angles unchanged. 
Since any surface whatever is a member of some triply orthogonal 
system, as we have just seen, it follows that an inversion carries the 
lines of curvature on any surface over into the lines of curvature on 
the transformed surface. It is easy to verify this fact directly. 


252. Applications to certain classes of surfaces. A large number of problems 
have been discussed in which it is required to find all the surfaces whose lines 
of curvature have a preassigned geometrical property. We shall proceed to 
indicate some of the simpler results. 

First let us determine all those surfaces for which one system of lines of 
curvature are circles. By Joachimsthal’s theorem, the plane of each of the 
circles must cut the surface at a constant angle. Hence all the normals to the 
surface along any circle C of the system must meet the axis of the circle, i.e. 
the perpendicular to its plane at its center, at the same point O. The sphere 
through C about O as center is tangent to the surface all along C; hence the 
required surface must be the envelope of a one-parameter family of spheres. 
Conversely, any surface which is the envelope of a one-parameter family of 
spheres is a solution of the problem, for the characteristic curves, which are 
circles, evidently form one system of lines of curvature. 

Surfaces of revolution evidently belong to the preceding class. Another 
interesting particular case is the so-called tubular surface, which is the envelope 
of asphere of constant radius whose center describes an arbitrary curve T. The 
characteristic curves are the circles of radius R whose centers lie on I and 
whose planes are normal tol. The normals to the surface are also normal to T'; 


* Lecons sur les systemes orthogonausx et les coordonnées curvilignes, 1898. 
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hence the second system of lines of curvature are the lines in which the surface 
is cut by the developable surfaces which may be formed from the normals to I. 

If both systems of lines of curvature on a surface are circles, it is clear from 
the preceding argument that the surface may be thought of as the envelope of 
either of two one-parameter families of spheres. Let 81, S2,.S3 be any three 
spheres of the first family, C1, C2, Cs the corresponding characteristic curves, 
and M,, M2, M; the three points in which C1, Cz, C3 are cut by a line of curva- 
ture C’ of the other system, The sphere S’ which is tangent to the surface along 
C’ is also tangent to the spheres $1, S:, Ss at M,, Mz, Ms, respectively. Hence 
the required surface is the envelope of a family of spheres each of which touches 
three fixed spheres. This surface is the well-known Dupin cyclide. Mannheim 
gave an elegant proof that any Dupin cyclide is the surface into which a certain 
anchor ring is transformed by a certain inversion. Let y be the circle which 
is orthogonal to each of the three fixed spheres S,, S,, Ss. An inversion whose 
pole is a point on the circumference of y carries that circle into a straight line 
OO’, and carries the three spheres 8, Se, Ss into three spheres 21, 22,2 
orthogonal to OO’, that is, the centers of the transformed spheres lie on OO’. 
Let Ci, C3, C3 be the intersections of these spheres with any plane through 
OO’, C’ a circle tangent to each of the circles Cj, C3, Cz, and a’ the sphere 
on which C’ is a great circle. Itis clear that =’ remains tangent to each of the 
spheres 21, 22, 53 as the whole figure is revolved about OO’, and that the 
envelope of >’ is an anchor ring whose meridian is the circle C’. 

Let us now determine the surface for which all of the lines of curvature of 
one system are plane curves whose planes are all parallel. Let us take the xy 
plane parallel to the planes in which these lines of curvature lie, and let 


xcosa+ysina = F(a, z) 


be the tangential equation of the section of the surface by a parallel to the zy 
plane, where F(a, z) is a function of a and z which depends upon the surface 
under consideration. The codrdinates « and y of a point of the surface are 
given by the preceding equation together with the equation 


2 oF 
—esina + y cosa = —- 
0a 


The formule for a, y, z are 
F oF 
(46) Di cbs A eins y = Fsina + —cosa, Po ir 
Oa 0a 
Any surface may be represented by equations of this form by choosing the 
function F(a, z) properly. The only exceptions are the ruled surfaces whose 
directing plane is the zy plane. It is easy to show that the coefficients A, B, C 


of the tangent plane may be taken to be 


; oF 
A=cosa@, B= Sina, C=-—-—;3 
0z 
hence the cosine of the angle between the normal and the z axis is 
ea) 


Vili (ane 


In order that all the sections by planes parallel to the zy plane be lines of curva- 
ture, it is necessary and sufficient, by Joachimsthal’s theorem, that each of 
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these planes cut the surface at a constant angle, i.e. that v be independent of a. 
This is equivalent to saying that F,(a, z) is independent of a, i.e. that F(a, z) 
is of the form 

F(a, 2) = o(2) + ¥(@), 


where the functions ¢ and y are arbitrary. Substituting this value in (46), we 
see that the most general solution of the problem is given by the equations 


«= y(a)cosa — (a) sina + ¢(z) cosa, 

(47) y=y(a) sina + (a) cosa + g(z) sina, 

BmeNiH 

These surfaces may be generated as follows. ‘The first two of equations (47), 
for z constant and @ variable, represent a family of parallel curves which are 
the projections on the xy plane of the sections of the surface by planes parallel 
to the zy plane. But these curves are all parallel to the curve obtained by set- 
ting ¢(z) = 0. Hence the surfaces may be generated as follows: Taking in the 
zy plane any curve whatever and its parallel curves, lift each of the curves verti- 
cally a distance given by some arbitrary law ; the curves in their new positions form 
a surface which is the most general solution of the problem. 

It is easy to see that the preceding construction may be replaced by the 
following: The required surfaces are those described by any plane curve whose 
plane rolls without slipping on a cylinder of any base. By analogy with plane 
curves, these surfaces may be called rolled surfaces or roulettes. This fact may 
be verified by examining the plane curves a = const. ‘The two families of lines 
of curvature are the plane curves z = const. and @ = const. 


IV. FAMILIES OF STRAIGHT LINES 


The equations of a straight line in space contain four variable 
parameters. Hence we may Consider one-, two-, or three-parameter 
families of straight lines, according to the number of given relations 
between the four parameters. A one-parameter family of straight 
lines form a ruled surface. A two-parameter family of straight 
lines is called a line congruence, and, finally, a three-parameter 
family of straight lines is called a line complex. 


253. Ruled surfaces. Let the equations of a one-parameter family 
of straight lines (G) be given in the form 


(48) xr=az+p, y=be+q, 


where a, b, p, ¢ are functions of a single variable parameter w. Let 
us consider the variation in the position of the tangent plane to the 
surface S formed by these lines as the point of tangency moves along 
any one of the generators G. The equations (48), together with the 
equation z = z, give the coérdinates a, y, z of a point M on S in terms 
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of the two parameters z and w; hence, by § 39, the equation of the 
tangent plane at M is 


X—«x Y-y Z-z 
a b a = 
az+p' b'z+q' 0 
where a, b', p', g' denote the derivatives of a, 6, », gy with respect 


to wu. Replacing « and y by az +p and bz + q, respectively, and 
sunplifying, this equation becomes 


(49). O'2+ q'\(X —aZ — p)— (z+ p')(Y—6Z —q) =0. 


In the first place, we see that this plane always passes through the 
generator G, which was evident a priori, and moreover, that the plane 
turns around G as the point of tangency M moves along G, at least 
unless the ratio (a'z + p')/(b'z + q') is independent of z, ie. unless 
a'q' — b'p' = 9, — we shall discard this special case in what follows. 
Since the preceding ratio is linear in 2, every plane through a gen- 
erator is tangent to the surface at one and only one point. As the 
point of tangency recedes indefinitely along the generator in either 
direction the tangent plane P approaches a limiting position P’, 
which we shall call the tungent plane at the point at infinity on that 
generator. The equation of this limiting plane P' is 


(50) b(X —aZ — p)—a'(¥Y —bZ — q) =0. 


Let w be the angle between this plane P’ and the tangent plane P at 
a point M (a, y, z) of the generator. The direction cosines (a’, B', y') 
and (a, 8, y) of the normals to P' and P are proportional to 
b', —a', a'b — ab! 
and 
Bze+q', —(ve+p'), bwetp')—able+q'), 
respectively; hence 
Az+B 
cos =a x! +. 4 + ! a A eS | 
ase ipa uae VA WV Az? + 2B2 4+ C 


A — a!? + 6!2 + (ab! — ba')?, 

B=a'p'+ b'q' + (ab! — ba')(aq' — bp"), 

C aan! ? Ate gt oe (aq! Ane, bp')?. 
After an easy reduction, we find, by Lagrange’s identity (§ 131), 
VAC E10 =U pry 1 +0? +08. 


Az+B Az+B 


where 


(51) tanw= 
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It follows that the limiting plane P' is perpendicular to the tangent 
plane P, at a point O, of the generator whose ordinate ~ is given by 
the formula 

B a'p! + b'q' + (ab! — ba!) (aq! — bp') 


(52) aie A a q!? ue b'2 =. (ab! = ba')? 


The point 0, is called the central point of the generator, and the tan- 
gent plane P, at O, is called the central plane. The angle 6 between 
the tangent plane P at any point M of the generator and this central 
plane P, is 7/2 — , and the formula (51) may be replaced by the 
formula 


A(e—a) _ [a!? +0 + (ab! — ba) ](e — a1). 


tan @ = —S———*~ aes 
= VAC BR? (a'g' — b'p') V1+4 a? + 8? 


Let p be the distance between the central point O, and the point M, 
taken with the sign + or the sign — according as the angle which 
O,M makes with the positive z axis is acute or obtuse. Then we 
shall have p = (2 — 2) V1+ a’ + 0, and the preceding formula may 
be written in the form 


(53) tan 0 = kp, 


where k, which is called the parameter of distribution, is defined by 
the equation : ne 

12 b! b! — ba")? 
(54) i + (a a') 


= (a'q/ ES b'p'y(A + a2 + 6?) 


The formula (53) expresses in very simple form the manner in which 
the tangent plane turns about the generator. It contains no quantity 
which does not have a geometrical meaning: we shall see presently 
that & may be defined geometrically. However, there remains a cer- 
tain ambiguity in the formula (53), for it is not immediately evident 
in which sense the angle 6 should be counted. In other words, it is 
not clear, a priori, in which direction the tangent plane turns around 
the generator as the point moves along the generator. The sense of 
this rotation may be determined by the sign of &. 

In order to see the matter clearly, imagine an observer lying on a 
generator G. As the point of tangency M moves from his feet toward 
his head he will see the tangent plane P turn either from his left 
to his right or vice versa. <A little reflection will show that the 
sense of rotation defined in this way remains unchanged if the 
observer turns around so that his head and feet change places. 
Two hyperbole paraboloids having a generator in common and 
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lying symmetrically with respect to a plane through that generator 
give a clear idea of the two possible situations. Let us now move 
the axes in such a way that the new origin is at the central point 0,, 
the new ~ axis is the generator @ itself, and the az plane is the cen- 
tral plane Pj. It is evident that the value of the parameter of dis- 
tribution (54) remains unchanged during this movement of the axes, 
and that the formula (53) takes the form 


(53') tan 0 = ke, 


where 6 denotes the angle between the xz plane P, and the tangent 
plane P, counted in a convenient sense. For the value of w) which 
corresponds to the 2 axis we must have a=b=p=gq =O, and the 
equation of the tangent plane at any point M of that axis becomes 


(O'z2+q)X—(we+p)VY=0. 


In order that the origin be the central point and the xz plane the 
central plane, we must have also a'= 0, g'=0; hence the equation 
of the tangent plane reduces to Y = (b'z/p') X, and the formula (54) 
gives k=— b'/p'. It follows that the angle @ in (53') should be 
counted positive in the sense from Oy toward Ox. If the orienta- 
tion of the axes is that adopted in § 228, an observer lying in the 
z axis will see the tangent plane turn from his left toward his right 
if & is positive, or from his right toward his left if % is negative. 

The locus of the central points of the generators of a ruled surface 
is called the line of striction. The equations of this curve in terms 
of the parameter wu are precisely the equations (48) and (52). 


Note. If a'g'=6'p' for a generator G, the tangent plane is the 
same at any point of that generator. If this relation is satisfied 
for every generator, i.e. for all values of wu, the ruled surface is a 
developable surface (§ 223), and the results previously obtained can 
be easily verified. For if a’ and 6' do not vanish simultaneously, 
the tangent plane is the same at all points of any generator G, 
and becomes indeterminate for the point z=— p'!/a'=— q'/b', 1... 
for the point where the generator touches its envelope. It is easy 
to show that this value for z is the same as that given by (52) when 
a'q'=b'p'. Tt follows that the line of striction becomes the edge 
of regression on a developable surface. The parameter of distribution 
is infinite for a developable. 

If a! =b'=0 for every generator, the surface is a cylinder and 
the central point is indeterminate. 
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254 Direct definition of the parameter of distribution. The central 
point and the parameter of distribution may be defined in an entirely 
different manner. Let G and G, be two neighboring generators cor- 
responding to the values wu and u + A of the parameter, respectively, 
and let G, be given by the equations 


(55) a=(a+Aajzet+p+Ap, y=(bt+Abdjet+qtdg. 


Let 8 be the shortest distance between the two lines Gand Gj, a the 
angle between G and G,, and (X, Y, Z) the point where G meets the 
common perpendicular. Then, by well-known formule of Analytic 
Geometry, we shall have 


Aa Ag + Ab Ap+ (a Ab—b Aa)[ (a+ Aa) Ag — (6 + Ad) Ap] 
= ’ 


ne (Aa)? + (Ab)? + (a Ab — 6 Aa)? 
oe Aa Ag — Ab Ap i 
V (Aa)? + (Ab)? + (a Ad — b Aa)? 
AW 0Na\e( BY (a Ab Lb Ray? 
PE oes (Aa)? + (Ad)? + (a Ab — b Aa) 


Vat +b? +1 Via + Aa)? + (6+ Ad)? 41° 


As h approaches zero, Z approaches the quantity 2, defined by (52), 
and (sin a)/8 approaches k. Hence the central point is the limiting 
position of the foot of the common perpendicular to G and G,, while 
the parameter of distribution is the limit of the ratio (sin a) /8. 

In the expression for $ let us replace Aa, Ad, Ap, Ag by their 
expansions in powers of h: 


AUS pe RE IE 
Ie 


and the similar expansions for Ad, Ap, Ag. Then the numerator of 
the expression for 6 becomes 


3 
Aa Ag — Ab Ap=h*(a!q'—b'p) + (allg! + a!g"' — bp! —b'p") de reey 


while the denominator is always of the first order with respect 
to h. It is evident that 6 is in general an infinitesimal of. the first 
order with respect to h, except for developable surfaces, for which 
a'g'=b'p'. But the coefficient of h?/2 is the derivative of a!g' — b'p!; 
hence this coefficient also vanishes for a developable, and the shortest 
distance between two neighboring generators is of the third order 
(§ 230). This remark is due to Bouquet, who also showed that if 
this distance is constantly of the fourth order, it must be precisely 
zero; that is, that in that case the given straight lines are the 
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tangents to a plane curve or to a conical surface. In order to prove 
this, it is sufficient to carry the development of Aa Ag — Ad Ap to 
terms of the fourth order. 


255. Congruences. Focal surface of acongruence. Every two-parameter 
family of straight lines 


(56) e=aze+p, y=be+q, 


where a, 6, p, g depend on two parameters a and 8, is called a line 
congruence. Through any point in space there pass, in general, a 
certain number of lines of the congruence, for the two equations (56) 
determine a certain number of definite sets of values of a and B when 
x, y, and 2 are given definite values. If any relation between a and B 
be assumed, the equations (56) will represent a ruled surface, which 
is not usually developable. In order that the surface be developable, 
we must have 
da dq —dbdp=0, 


or, replacing da by (¢a/éa) da + (0a/0) dB, ete., 


(57) (Gea a5") (ce (si ae oe ‘ ite ) ; 
at au + 7 a8) (72 da ee 5p 4) 


This is a quadratic equation in dB/da. Solving it, we should usu- 
ally obtain two distinct solutions, 


d d 
(58) ce =n (a, B), ve =r (a, B), 


either of which defines a developable surface. Under very gen- 
eral limitations, which we shall state precisely a little later and 
which we shall just now suppose fulfilled, each of these equations 
is satisfied by an infinite number of functions of a, and each of them 
has one and only one solution which assumes a given value 8) when 
a@=ay. It follows that every straight line G of the congruence 
belongs to two developable surfaces, all of whose generators are 
members of the congruence. Let I'and I" be the edges of regression 
of these two developables, and A and A’ the points where G touches 
T'and I’, respectively. The two points A and A'are called the focal 
points of the generator G. They may be found as follows without 
integrating the equation (57). ‘The ordinate of one of these points 
must satisfy both of the equations 


zda+dp=0, zdb+dq=0, 
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or, replacing da, db, dp, dq by their developments, 


07 
Aican ig )* + 2 de +2 ag=0, 


op op 
0b 0b oq oq ym 
“(Fe da +5 548) +52 da + ae ce 0. 


Eliminating z between these two equations, we find again the equa- 
tion (57). But if we eliminate d8/da we obtain an equation of the 
second degree 


go (28) (8) — (284) 8b Bao 


whose two solutions are the values of z for the focal points. 

The locus of the focal points A and A’ consists of two nappes 
> and 3! of a surface whose equations are given in parameter form 
by the formule (56) and (59). These two nappes are not in general 
two distinct surfaces, but constitute two portions of the same ana- 
lytic surface. The whole surface is called the focal surface. It is 
evident that the focal surface is also the locus of the edges of regres- 
sion of the developable surfaces which can be formed from the lines 
of the congruence. For by the very definition of the curve I the 
tangent at any point a is a line of the congruence; hence a is a 
focal point for that line of the congruence. Every straight line 
of the congruence is tangent to each of the nappes & and 3’, for it 
is tangent to each of two curves which lie on these two REDD SS 
respectively. 

By an argument precisely similar to that of § 247 it is easy to 
determine the tangent planes at A and A! to & and 3! (Fig. 51). 
As the line G moves, remaining tangent to I, for example, it also 
remains tangent to the surface &’. Its point of tangency A’ will 
describe a curve y' which is necessarily distinct from IT’. Hence 
the developable described by G during this motion is tangent to 3! 
at A', since the tangent planes to the two surfaces both contain the 
line G and the tangent line to y'. It follows that the tangent plane 
to 3' at A'is precisely the osculating plane of T at A. Likewise, 
the tangent plane to = at 4 is the osculating plane of I’ at A’. 
These two planes are called the focal planes of the generator G. 

It may happen that one of the nappes of the focal surface degen- 
erates into a curve C. In that case the straight lines of the con- 
gruence are all tangent to 3, and merely meet C. One of the 
families of developables consists of the cones circumscribed about 3 
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-whose vertices are on C. If both of the nappes of the focal surface 
degenerate into curves C and C', the two families of developables 
consist of the cones through one of the curves whose vertices lie 
on the other. If both the curves C and C’ are straight lines, the 
congruence is called a linear congruence. 


256. Congruence of normals. The normals to any surface evidently 
form a congruence, but the converse is not true: there exists no 
surface, in general, which is normal to every line of a given con- 
gruence. For, if we consider the congruence formed by the normals 
to a given surface S, the two nappes of the focal surface are evidently 
the two nappes 3 and 3! of the evolute of S ($ 247), and we have seen 
that the two tangent planes at the points A and A' where the same 
normal touches § and 3! stand at right angles. This is a character- 
istic property of a congruence of normals, as we shall see by trying 
to find the condition that the straight line (56) should always remain 
normal to the surface. The necessary and sufficient condition that it 
should is that there exist a function f(a, 8) such that the surface S 
represented by the equations 

(60) x= az+p, y=bz+ q, 2 = f(a p) 
is normal to each of the lines (@). It follows that we must have 

Ox Oy Oz 
an a0 os F Da 
Ox Oy , 02 
CO te 
op’ op" op 
or, replacing « and y by az + p and bz + q, respectively, and divid- 
ing by Va? + 6? 4-1, 


=0, 


reper TET 0 0 

ee ae oa ee Sy 
0a Vari +b? +1 

(61) 


6 aoe ee 
ee ot) 


The necessary and sufficient condition that these equations be com- 
patible is 
ae og oe 0g 
b 
eeeee | 5 laa.” oe 


62 Na ee (ee 
st OB\Vor? +0241] e@\Var+o?+1 
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If this condition is satisfied, 2 can be found from (61) by a single 
quadrature. The surfaces obtained in this way depend upon a con- 
stant of integration and form a one-parameter family of parallel 
surfaces. 

In order to find the geometrical meaning of the condition (62), it 
should be noticed that that condition, by its very nature, is inde- 
pendent of the choice of axes and of the choice of the independent 
variables. We may therefore choose the z axis as a line of the con- 
gruence, and the parameters a and £ as the coordinates of the point 
where a line of the congruence pierces the zy plane. Then we shall 
have p = a, g = B, and a and 6 given functions of a and @ which van- 
ish fora=B=0. It follows that the condition of integrability, for 
the set of values a = B = 0, reduces to the equation 0a/0B = 0b/éa. 
On the other hand, the equation (57) takes the form 


24 0a 0b 0b ss 
74 08 es ap) iB — 5, de = 0, 


which is the equation for determining the lines of intersection of 
the zy plane with the developables of the congruence after a and 
B have been replaced by 2 and y, respectively. The condition 
du/0B = 0b/da, for a= B= 0, means that the two curves of this 
kind which pass through the origin intersect at right angles ; that 
is, the tangent planes to the two developable surfaces of the congru- 
ence which pass through the z axis stand at right angles. Since the 
line taken as the z axis was any line of the congruence, we may state 
the following important theorem: 


The necessary and sufficient condition that the straight lines of a 
given congruence be the normals of some surface is that the focal planes 
through every line of the congruence should be perpendicular to each 
other. 


Note. If the parameters @ and f be chosen as the cosines of the angles which 
the line makes with the x and y axes, respectively, we shall have 


GRO yee ae 2 a nae ne 
Senora Wit at — Bi Vigo 


and the equations (61) become 


Cd) z op oq 
mllenes sare + Bp— =0, 


) z op Oda" 
wa (Vise) tae Pa Te 


(63) 
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Then the condition of integrability (62) reduces to the form 6g /da = 6p/ 6B, which 
means that p and qg must be the partial derivatives of the same function F(a, B): 


_ oF aF 
era RE ap Et 


where F(a, 8) can be found by a single quadrature. It follows that z is the 
solution of the total differential equation 


a Sees are oF or ie or or 
—— (« aat TP aap) ** Shen ae 


whence 


z=vI-@— (C+ F—a2Z p22), 


where C is an arbitrary constant. 


257. Theorem of Malus. If rays of light from a point source are reflected (or 
refracted) by any surface, the reflected (or refracted) rays are the normals to 
each of a family of parallel surfaces. This theorem, which is due to Malus, has 
been extended by Cauchy, Dupin, Gergonne, and Quetelet to the case of any 
number of successive reflections or refractions, and we may state the following 
more eee theorem : 


If a family of rays of light are normal to some surface at any ge they retain 
that property after any number of reflections and refractions. 


' Since a reflection may be regarded as a refraction of index —1, it is evidently 
sufficient to prove the theorem for a single refraction. Let S be a surface nor- 
mal to the unrefracted rays, mM an incident ray which meets the surface of 
separation 2 at a point M, and MR the refracted ray. By Descartes’ law, the 
incident ray, the refracted ray, and the normal MN lie in a plane, and the 
angles i and r (Fig. 52) satisfy the relation 
nsini=sinr. For definiteness we shall sup- 
pose, as in the figure, that n is less than 
unity. Let / denote the distance Mm, and 
let us lay off on the refracted ray extended 
a length l’ = Mm’ equal to k times 1, where 
k is a constant factor which we shall deter- 
mine presently. The point m’ describes a 
surface S’. We shall proceed to show that 
k may be chosen in such a way that Mim’ is 
normal to 8’. Let C be any curve on S. 
As the point m describes C the point M 
describes a curve I on the surface 2, and Fie. 52 

the corresponding point m’ describes another 

curve C’ on 8’. Lets, a, s’ be the lengths of the arcs of the three curves C,T, 
C’ measured from corresponding fixed points on those curves, respectively, 
w the angle which the tangent MT, to T makes with the tangent MT to the 
normal section by the normal plane through the incident ray, and ¢ and ¢ the 
angles which MT, makes with Mm and Mm’, respectively. In order to find 
cas ¢, for example, let us lay off on Mm a unit length and project it upon M7), 
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first directly, then by projecting it upon MT and from MT upon MT;. This, 
and the similar projection from Mm/ upon MT), give the equations ~~~ 


cos ¢@ = sini cosa, cos #’ = sinr cosw. 


Applying the formula (10’) of § 82 for the differential of a segment to the seg- 
ments Mm and Mm’, we find 


dl =— do coswsint, 


dl =— do cosw sinr — ds’ cos é 
, 


where @ denotes the angle between m’M and the tangent to C’. Hence, replacing 
dl by kdl, we find 
cos w da(k sini — sinr) = ds’ cos 6, 
or, assuming k = n, 
ds’ cos9=0. 

It follows that Mm’ is normal to C’, and, since C’ is any curve whatever on 
S’, Mm’ is also normal to the surface S’.. This surface S’ is called the anti- 
caustic surface, or the secondary caustic. It is clear that S’ is the envelope of 
the spheres described about M as center with a radius equal to n times Mm; 
hence we may state the following theorem : 


Let us consider the surface S which is normal to the incident rays as the envelope 
of a family of spheres whose centers lie on the surface of separation 2. Then the 
anticaustic for the refracted rays is the envelope of a family of spheres with the 
same centers, whose radii are to the radii of the corresponding spheres of the first 
family as unity is to the index of refraction. : 


This envelope is composed of two nappes which correspond, respectively, 
to indices of refraction which are numerically equal and opposite in sign. In 
general these two nappes are portions of the same inseparable analytic surface. 


258. Complexes. A line complex consists of all the lines of a three-parameter 
family. Let the equations of a line be given in the form 


(64) w= dz -F ps, y=bz+q. 


Any line complex may be defined by means of a relation between a, b, p, g of 
the form 


(65) F(a, b, Dp, y= Us 
and conversely. If F is a polynomial in a, b, p, q, the complex is called an 
algebraic complex. The lines of the complex through any point (x, Yo, 20) form 


a cone whose vertex is at that point ; its equation may be found by eliminating 
a, 6, p, g between the equations (64), (65), and 


(66) Lo = a%o +p, Yo = b20+ q. 
Hence the equation of this cone of the complex is 
(67) r(2=*, Y= Yo Loz ~ zo Hoe =H) 0, 
aeons = <0 z2— Zo z— £0 


Similarly, there are in any plane in space an infinite number of lines of the 
complex ; these lines envelop a curve which is called a curve of the complem. 
If the complex is algebraic, the order of the cone of the complex is the same as the 
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class of the curve of the complex. For, if we wish to find the number of lines of 
the complex which pass through any given point A and which lie in a plane P 
through that point, we may either count the number of generators in which P 
cuts the cone of the complex whose vertex is at A, or we may count the number 
of tangents which can be drawn from A to the curve of the complex which lies 
in the plane P. As the number must be the same in either case, the theorem is 
proved. . 

If the cone of the complex is always a plane, the complex is said to be linear, 
and the equation (65) is of the form 


(68) Aa + Bb + Cp + Dq + E(aq — bp) + F=0. 


Then the locus of all the lines of the complex through any given point (ao, Yo, 20) 
is the plane whose equation is 


(69) og — %) + By — Yo) + C(@oz — 202) 


+ D(yoz — Z0Y) + E(you — Koy) + F(z — 2) = 0. 


The curve of the complex, since it must be of class unity, degenerates into a 
point, that is, all the lines of the complex which lie in a plane pass through a 
single point of that plane, which is called the pole or the focus. A linear com- 
plex therefore establishes a correspondence between the points and the planes 
of space, such that any point in space corresponds to a plane through that point, 
and any plane to a point in that plane. A correspondence is also established 
among the straight lines in space. Let D be a straight line which does not 
belong to the complex, F' and F” the foci of any two planes through D, and A 
the line FF’. Every plane through A has its focus at its point of intersection ¢ 
with the line D, since each of the lines ¢F and ¢F” evidently belongs to the 
complex. It follows that every line which meets both D and A belongs to the 
complex, and, finally, that the focus of any plane through D is the point where 
that plane meets A. The lines D and A are called conjugate lines; each of them 
is the locus of the foci of all planes through the other. 

If the line D recedes to infinity, the planes through it become parallel, and 
it is clear that the foci of a set of parallel planes lie on a straight line. There 
always exists a plane such that the locus of the foci of the planes parallel to it 
is perpendicular to that plane. If this particular line be taken as the z axis, 
the plane whose focus is any point on the z axis is parallel to the zy plane. By 
(69) the necessary and sufficient condition that this should be the case is that 
A=B=C=D=0, and the equation of the complex takes the simple form 


(70) aqg—bp+K=0. 
The plane whose focus is at the point (x, y, 2) is given by the equation 
(71) Xy —Ya+ K(Z—z)=0, 


where X, Y, Z are the running coordinates. 

As an example let us determine the curves whose tangents belong to the 
preceding complex. Given such a curve, whose coordinates a, y, z are known 
functions of a variable parameter, the equations of the tangent at any point are 


DO) VGA Aa 
de dy dz 
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The necessary and sufficient condition that this line should belong to the given 
complex is that it should lie in the plane (71) whose focus is the point (2, y, 2), 
that is, that we should have : 


(72) ady—ydx= Kdz. 


We saw in § 218 how to find all possible sets of functions 2, y, z of a single 
parameter which satisfy such a relation; hence we are in a position to find 
the required curves. 

The results of § 218 may be stated in the language of line complexes. For 
example, differentiating the equation (72) we find 


(73) edty —yd@az = Kd2z, 


and the equations (72) and (73) show that the osculating plane at the point 
(x, y, 2) is precisely the tangent plane (71); hence we may state the following 
theorem : 


Tf all the tangents to a skew curve belong to a linear line complex, the osculating 
plane at any point of that curve is the plane whose focus is at that point. 
(APPELL.) 


Suppose that we wished to draw the osculating planes from any point O in 
space to a skew curve I whose tangents all belong to a linear line complex. Let 
M be the point of contact of one of these planes. By Appell’s theorem, the 
straight line MO belongs to the complex; hence MM lies in the plane whose focus 
is the point O. Conversely, if the point M of I lies in that plane, the straight 
line MO, which belongs to the complex, lies in the osculating plane at M; hence 
that osculating plane passes through O. It follows that the required points are 
the intersections of the curve with the plane whose focus is the point O (see 
§ 218). 

Linear line complexes occur in many geometrical and mechanical applica- 
tions. The reader is referred, for example, to the theses of Appell and Picard.* 


EXERCISES 


1. Find the lines of curvature of the developable surface which is the 
envelope of the family of plancs defined in rectangular codrdinates by the 
equation 

z= an+yo(a) + RV1+4 a? + g(a), 


where @ is a variable parameter, ¢(a) an arbitrary function of that parameter, 
and R& a given constant. 
[Licence, Paris, August, 1871.] 


2. Find the conditions that the lines e = az + a, y = bz + B, where a, b, a, B 
are functions of a variable parameter, should form a developable surface for 
which all of the system of lines of curvature perpendicular to the generators lie 
on a system of concentric spheres. 

[Licence, Paris, July, 1872.] 


* Annales scientifiques de V Ecole Normale supérieure, 1876 and 1877. 
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3. Determine the lines of curvature of the surface whose equation in rec- 
tangular codrdinates is 
e? = COSx Cosy. 
[Licence, Paris, July, 1875. ] 


4. Consider the ellipsoid of three unequal axes defined by the equation 


ye y? g2 


and the elliptical section # in the zz plane. Find, at each point M of E: 1) the 
values of the principal radii of curvature R, and Rz of the ellipsoid, 2) the rela- 
tion between f; and Re, 8) the loci of the centers of curvature of the principal 
sections as the point M describes the ellipse FZ. 

[Licence, Paris, November, 1877.] 


5. Derive the equation of the second degree for the principal radii of curva- 
ture at any point of the paraboloid defined by the equation 
2 y? 
—+ = 22. 
a Be b 
Also express, in terms of the variable z, each of the principal radii of curva- 
ture at any point on the line of intersection of the preceding paraboloid and the 
paraboloid defined by the equation 


2 y2 
a—-r b-dr 


=2z2—-NX. 


[ Licence, Paris, November, 1880. | 


6. Find the loci of the centers of curvature of the principal sections of the 
paraboloid defined by the equation zy = az as the point of the surface describes 


the x axis. 
[Licence, Paris, July, 1883. ] 


7. Find the equation of the surface which is the locus of the centers of cur- 
vature of all the plane sections of a given surface S by planes which all pass 
through the same point M of the surface. 


8. Let MT be any tangent line at a point M of a given quadric surface, O the 
center of curvature of the section of the surface by any plane through MT, 
and O’ the center of curvature of the evolute of that plane section. Find the 
locus of O’ as the secant plane revolves about MT. 

[ Licence, Clermont, July, 1883.] 


9. Find the asymptotic lines on the anchor ring formed by revolving a circle 


about one of its tangents. 
[Licence, Paris, November, 1882. ] 


10. Let C be a given curve in the zz plane in a system of rectangular coordi- 
nates. A surface is described by a circle whose plane remains parallel to the 
xy plane and whose center describes the curve C’, while the radius varies in such 
a way that the circle always meets the z axis. Derive the differential equation 
of the asymptotic lines on this surface, taking as the variable parameters the 
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codrdinate z of any point, and the angle @ which the radius of the circle through 
the point makes with the trace of the plane of the circle on the zz plane. 
Apply the result to the particular case where the curve C is a parabola 
whose vertex is at the origin and whose axis is the x axis. 
[Licence, Paris, July, 1880.] 


11. Determine the asymptotic lines on a ruled surface which is tangent to 
another ruled surface at every point of a generator A of the second surface, 
every generator of the first surface meeting A at some point. 


12. Determine the curves on a rectilinear helicoid whose osculating plane 


always contains the normal to the surface. 
[ZLicence, Paris, July, 1876. ] 


13. Find the asymptotic lines on the ruled surface defined by the equations 
z= (1+ u)cosv, y =(1—u)sinv, i tre 
[Licence, Nancy, November, 1900. ] 


14*. The sections of a surface S by planes through a straight line A and the 
curves of contact of the cones circumscribed about S with their vertices on A 


form a conjugate network on the surface. , 
[Koentes. ] 


15*. As a rigid straight line moves in such a way that three fixed points 
upon it always remain in three mutually perpendicular planes, the straight line 
always remains normal to a family of parallel surfaces. One of the family of 
surfaces is the locus of the middle point of the segment of the given line bounded 
by the point where the line meets one of the codrdinate planes and by the foot 
of the perpendicular let fall upon the line from the origin of codrdinates. 

[Darsoux, Comptes rendus, Vol. XCII, p. 446, 1881.] 


16*. On any surface one imaginary line of curvature is the locus of the points 
for which the equation 1 + p? + g? = 0 is satisfied. 

[In order to prove this, put the differential equation of the lines of curvature 
in the form 


(dp dy — dq dx)(1+ p? + q?) + (pdy — qdz)(p dp + ¢ dq) = 0.) 
[Darpoux, Annales de l’ Ecole normale, 1864. ] 
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Abdank-Abakanowicz: 201, ftn. 

Abel: 153, 75; 215, 105; 348, 166; 
SITS AT. 

Abel’s lemma: 153,75; 378, 166; 379, 
178; test: 348, 166; theorem: 377, 
177. 

Abelian integrals: see Integrals. 

Absolute value: see Value. 

Algebraic curves: see Curves and 
Functions, implicit. 

Algebraic equations: see D’Alembert’s 
theorem. 

Ampére: 68, ftn.; 78, 42. 

Ampére’s transformation: 78, 42. 

Amsler: 201, 102. 

Amsler’s planimeter: 201, 102. 

Analytic extension: 385, 180. 

Analytic functions, curves, etc.: see 
Functions, Curves, etc. 

Anomaly, eccentric: 248, ex. 19; 406, 
189. 

Apsidal surfaces: see Surfaces. 

Appell: 538, 258. 

Appell’s theorem: 538, 258. 

Approximate evaluation: see Evalua- 
tion. 

Archimedes: 134, 64. 

Arcsine, series for: 383, 179. 

Arctangent, series for: 382, 179. 

Area, of a curve: 135, 64; 158, 76; 
see also Quadrature; of a closed 
curve: 187, 94; see also Integral 
Pdz + Qdy; of a surface : 264, —; 
272, 181; in oblique coordinates: 
191, 95; in polar codrdinates: 189, 
95. 

Arndt: 356, 169. 

Array : 353, 169 ; see also Double series 

‘and Infinite series. 
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Assemblages: 140, 68. 

Asymptotic lines: 506, 242. 

Asymptotic value of T: 291, 141. 

Average value theorem: see Law of 
the mean. 


Balitrand: 495, ex. 11. 

Beltrami: 87, ex. 21. 

Bernoulli, D.: 411, 195. 

Bertrand : 63, 32; 80, ftn.; 133, ex. 10; 
201, 101; 484, 232; 485, 233. 

Bertrand’s curves: 485, 2338. 

Bilinear covariants: see Covariants. 

Binomial differentials: 247, ex. 8. 

Binomial theorem: 704, 50; 383, 179; 
891, 182; 474, 228. 

Bonnet: 414, 196. 

Bouquet: 480, 2380. 

Borda’s series: 133, ex. 11. 

Bruno, Faa de: 34, ex. 19. 


Calculus of variations: see Variations. 

Cardioid, length: 154, 80. 

Catalan: 262, ftn.; 294, ex. 9. 

Catenary: 220, 107; 292, ex. 1; 440, 
208. 

Cauchy: 7,6; 29,18; 91,44; 106, 50; 
188, 91; 288, 140; 328, 156; 331, 
157; 332, 159; 335, 160; 347, 165; 
352, 168; 359,172; 378, ftn.; 391, 
182; 400, 187; 495, ex. 9; 5385, 257. 

Cauchy’s test (series constant terms): 
832, 159; theorem (series constant 
terms): 335, 161; theorem (integral 
convergence test): 359, 172. 

Caustics: 432, 204; 536, 257. 

Cayley: 279, 134. 

Change of variables : see also Transfor- 
mation ; definite integrals: 166, 845 
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double integrals: 264, 127; line in- 
tegrals: 786, 93; multiple integrals : 
312, 150; triple integrals: 300, 145. 

Characteristic curve: 459, 219. 

Chasles: 166, 83. 

Chasles’ theorem: 166, 83. 

Center of curvature: see Curvature. 

Cestiro: 495, exs. 10 and 11. 

Complexes (algebraic, linear, cone of, 
etc.): 536, 258. 

Complex variable: 375. 

Conditional convergence: 
vergence. 

Congruences, line: 531, 255; linear: 
533, 2553 of normals: 533, 256. 

Conics (as unicursal curves) : 215, 105; 
222, 108. 

Conjugate curves: 495, ex. 8; lines: 
511, 245; tangents: see Tangents. 

Conoid: 509, 243. 

Contact (of plame curves): 443, 2115 
(of skew curves): 486, 284; (of 
curves and surfaces): 490, 236. 

Contact transformations: see Trans- 
formations. 

Continuity (definition): 2,3; 12, 10; 
uniform: 744, 70; 251, 120. 

Continuous functions: see Functions. 

Contour lines: 262, 125. 

Convergence: 327, 156; 350, 167; 354, 
169; 359,171; see also Infinite series, 
Integrals, etc.; absolute: 344, 164; 
351, 167 ; 355, 169; conditional: 347, 
1655 interval of: 375,177; of inte- 
grals: 369,175; uniform: 367, 174. 

Convex surfaces: 500, 239. 

Coordinates, elliptic: 268, 129; 307, 
147; orthogonal: see Orthogonal 
systems; polar: 37, ex.1; 66, 34; 
74, 38; 268, 129. 

Corner (of a curve): 6, 5. 

Cotes: 199, 100. 

Covariants, bilinear: 87, ex. 20. 

Cubic curves (unicursal): 222, 108. 

Cubic forms: see Forms. 

Curvature, of a plane curve (center of) : 
63, 382; 433, 205; (circle of): 63, 32; 
434, 205; 448, 213 ; (radius of): 63, 
32; 66, 34; 433, 205; of a skew 


see Con- 
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curve (center, radius, etc.): 469, 225; 
471, 2263 of a surface: 497, 239 ff. ; 
(principal centers of): 128, 61; 501, 
240; (principal radii of): 128, 61; 
501, 240; 508, 241; 519, 249; lines 
of: 514, 246; 521, 250, 251. 

Curves, algebraic: 221, 108; see also 
Functions, implicit; analytic: 407, 
192; 409, 198; deficiency of: 271, 
108; see also Curves, unicursal ; 
plane: 5, 5; 62, 32; 92,45; 407, 
192; 426, 201 ff.; regular: 408, 192 ; 
skew: 5,5; 51, 27; 409,198; 453, 
215ff.; unicursal: 215, 105; 221, 
108. 

Curvilinear integrals: see Integrals, 
line. 

Cusp: 113, 53; 409, 192. 

Cuspidal edge: see Striction, line of. 

Cuts (for periodic function): 318, 153. 

Cyclide (Dupin’s): 524, 252. 

Cycloid: 438, 207. 


D’ Alembert: 131, 63; 291, 142; 332, 
159. 

D’Alembert’s test (series of constant 
terms): 332, 159; theorem: 131, 
63; 291, 142; see also Roots, exist- 
ence of. 

Darboux: 6, ftn.; 140, ftn.; 151, 73; 
524, 251; 540, exs. 15 and 16. 

Darboux’s theorem: 151, 73. 

Deficiency: 221, 108; see also Inte- 
grals, Abelian, and Curves, unicursal. 

Definite integrals: see Integrals. 

De l’ Hospital: see L’ Hospital, de. 

Density : 296, 143. 

Derivatives, definition of: 5,5; 72,11; 
17, 13; extensions of definition of: 
17,18; 265, 1273; of implicit func- 
tions: 38, 21; 40,28; 42, 243 rules 
for's? 75, Als 

Descartes’ folium: 246, ex. 2. 

Determinants, functional: see Func- 
tional determinants. 

Developable surfaces: see Surfaces. 

Development in series: 405, 189; see 
also Infinite series, Taylor’s series, 
Fourier’s series, etc. 
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Dextrorsal (skew curve): 476, 228. 

Differential equations : see Equations ; 
invariants: see Invariants; notation: 
19, 14 ff.; parameters: 81, 43; 87, 
ex. 21; 510, 244. 

Differentials, binomial: see Binomial 
differentials; definition of: 79, 14; 
higher orders: 20, 14; total: 22, 
15; 313, 151 ff.; see also Integrals, 
line, and Integral Pdz + Q dy. 

Differentiation, order immaterial: 73, 
11; of integrals: 154, 76; 192, 97; 
194, 97; 368,175; 370, 175; of line 
integrals: 194, 97; of series: 364, 
174; 380,179; 405, 189. 

Direction cosines: 164, 81. 

Direct path (for periodic functions): 
319, 158. 

Dirichlet: 250, 124; 308, 148; 347, 
165; 414, 196. 

Dirichlet’s integrals: 308, 148; condi- 
tions: 414, 195. 

Discontinuity: 4, 4; 6, ftn. 

Discontinuous functions: 
tions. 

Division of series: 392, 183. 

Dominant functions: see Functions. 

Double integrals: see Integrals, double. 

Double points, of a curve: 112, 58; 
221, 108; of involutions: 232, 112; 
of unicursal curves: 222, 108. 


See Func- 


Double power series: see Power series,® 


double. 

Double series: 353, 169; 367, 174; 
3888, 182; see also Infinite series 
and Substitution of series. 

Duhamel: 135, ftn.; 151, ftn.; 340, 
163. 

Duhamel’s test (series of constant 
terms): 340, 163. 

Dupin: 521, 251; 524, 252; 535, 257. 

Dupin’s cyclide: 524, 252; theorem: 
521, 251. 


Eccentric anomaly: see Anomaly. 

Edge, cuspidal: see Striction, line of ; 
of regression: 463, 221. 

Element of area: 267, 128; 275, 132. 

Element of volume: 304, 146. 
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Ellipse, area of: 189, 94; 220, 106; 
248, ex. 193; length of: 237, 112; 
366, 174. 

Ellipsoid, area of: 294, ex. 9; volume 
of: 285, 187. 

Elliptic codrdinates: see Codrdinates ; 
functions: see Functions ; integrals : 
see Integrals ; points: 500, 239. 

Envelopes (of plane curves) : 426, 201; 
(of skew curves): 465, 223; (of sur- 
faces) : 459, 219. 

Epicycloid: 452, ex. 7. 

Equations, differential (developable 
surfaces, asymptotic lines, etc.) : see 
Surfaces, developable ; Asymptotic 
lines, etc. 

Equations, total differential: see Dif- 
ferentials, total. 

Equations, partial differential (classi- 
fication): 73, 88; (Laplace’s): 80, 
43 ; (reduction of) : 72, 38. 

Equations, intrinsic (of a curve): 441, 
210; reciprocal: 234, 1133; solutions 
of: see Roots and D’Alembert’s 
theorem; tangential (of a curve): 
207, ex. 21. 

Error, limit of: see Remainder and 
Evaluation. 
Euler: 184, 92; 236, 113; 246, ex. 4; 

280, 184; 411, 195; 501, 240. 

Euler’s constant: 103, 49; integrals: 
184, 92; 280, 1384; see also Function 
I'; theorem (surfaces): 501, 240. 

Evaluation, approximate (of definite 
integrals) : 197, 99; 199, 100; 2012, 
101; 207, ex. 24; see also Pla- 
nimeter; (factorials): 291, 141; 
(log F): 291, 141. 

Evaluation of integrals: 287, 140; 
254, 123; 297, 148; 311, 150; 3728, 
176. 

Evolute: 432, 204; 436, 206; 480, 
231; 516, 247. 

Existence of roots: 
Functions, implicit. 

Exponential, series for: 100, 48. 

Extrema: 716, 55; 118, 56; 125, 59; 
128, 61; 251, 120; see also Maxima 
and Minima. 


see Roots and 
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Families (of straight lines): 4526, 
253 ff. 

Fermat: 137, 66. 

Finite functions: see Functions. 

Focal planes: 532, 255; points: 532, 
255; surface: 531, 255. 

Forms, binary cubic: 60, 30; in- 
determinate: see Indeterminate 
forms. 

Formule of reduction : see Reduction 
formule. 

Fourier: 418, 197. 

Fourier’s series: 4/8, 197 ff.; see also 
Trigonometric series. 

Franklin: 257, 123. 

Frenet: 477, 229. 

Frenet’s formule : 477, 229. 

Fresnel: 86, ex. 17. ; 

Fresnel’s wave surface: 86, ex. 17. 

Functional determinants: 46, 25; 52, 
28; 58, 29; 265,127; 304, 146. 

Functions, analytic: 407, 191 ff.; 
B (p, q): 279, 184; continuous: 143, 
70; 200, ftn.; 250, 120; 362, 173; 
878, 178; 422, 199; see also Con- 
tinuity ; discontinuous: 4, 4; 162, 
790 195, 985; 205, exs..6 and 75 
defined by integrals: 192,97; 195, 
98; 2217, 108; dominant: 386, 181; 
896, 1863 elliptic: 233, 112; expo- 
nential : see Exponential ; '(a): 183, 
92; 279, 184; 290, 141; 308, 148; 
313, 150; homogeneous: 29, 183 
hyperbolic: 219, 1063 implicit: 35, 
20; 45, 25; 399, 187; integrable: 
THY, (23 205, ex. 83 inverse: 47, 
23; 50, 26; 406, 190; logarithmic: 
see Logarithm; monotonic: 748, 
725 periodic: 378, 1533 primitive: 
see Primitive functions and Inte- 
grals; rational: 3, 3; 158, 77; 206, 
ex. 12; 208, 1033; real variables: 2, 
2; 11, 10; (etc., see special titles) ; 
transcendental: 221, 108; 236, 114; 
422, 199; trigonometric: 100, 48; 
220, 106; 236, 1145 trigonometric 
(inverse): 104, 50; 382, 179. 

_ Fundamental theorem of Algebra; see 
D’ Alembert’s theorem, 
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Galileo: 439, 207. ; 

Gamma function: see Function I'(a). 

Gauss: 199,101; 291, 142; 344, 163. 

Geometry of higher dimensions: see 
Higher dimensions. 

Gergonne: 535, 257. 

Goursat: 34, ftn.; 45, ftn.; 88, ex. 23. 

Graves: 166, 83. 

Graves’ theorem: 166, 83. 

Greatest limit: 328, 156; 335, 160; 
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Green: 262, 126; 288, 140; 309, 149; 
316, 152; 318, 153. 

Green’s theorem: 288, 140; 809, 149; 
316, 152; 318, 153. 


Hadamard: 378, ftn. 

Halphen: 33, ex. 11; 86, ex. 18. 

‘Harmonic series: 103, 49; 347, 165. 

Haro’s series: 783, ex. 11. 

Helicoid : 509, 248 ; 519, 249. 

Helix: 482, 231; 483, 282. 

Hermite : 97, 46 ; 171, 87; 205, ex. 12; 
286, ftn. 

Hessians: 58, 30. 

Higher dimensions: 310, 150. 

Highest common divisor: 211, 104. 

Hilbert: 171, 87. 

Hospital, dev: see L’ Hospital, de. 

Houel: 219, 106. 

Hyperbola, area of: 278, 106. 


* Hyperbolic functions: see Functions. 


Hyperbolic point: 500, 239. 
Hypocycloid: 242, 117; 452, ex. 7. 


Implicit functions: see Functions and 
D’ Alembert’s theorem. 

Improper integrals: see Integrals. 
Incommensurable numbers: 742, ftn.; 
171, 87; 249, ex. 21. 

Indefinite integrals: see Integrals. 

Independence of Path: 316, 152; see 
also Integral Pdx + Qdy; of sur- 
face; 323, 155; see also Integrals, 
surface. 

Indeterminate forms: 10, 8; 97, 47. 

Index (of a function) : 157, 17; 205, 
exs. ll and 12; 322, 154. 

Indicatrix: 501, 240 ff. 
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Tafinite, definition of: 4, 4. 

Infinite limits : see Integrals, improper. 

Infinite series: 2, 1; 99, ftn.; 183, 
91; 327, 156; alternating: 182, 
91; complex terms: 350, 167 ff.; 
constant terms: 329, 157 ff.; devel- 
opmentin: 93,46; 98,48; 201, 101; 
875,177; 404, 189; 411, 195; 418, 
197; 422, 199; see also Taylor’s 
series, etc.; differentiation of: 364, 
174; 380,179; 405, 189 ; division of : 
892, 183; dominant: see Functions, 
dominant; Fourier’s: 418, 197 ff.; 
harmonic: 103, 49; 347, 165; of in- 
finite series: see Substitution of series 
and Double series; integration of: 
201,101; 364, 174; 368,174; Mc- 
Laurin’s: see McLaurin’s series; 
multiplication of: 337, 158; 379, 
178; positive terms: 2, 1; 329, 
157 ff.; reversion of: 407, 190; 
substitution of: see Substitution of 
series; sum of: 99, ftn.; 329, 157; 
see also Convergence; Taylor’s: see 
Taylor’s series; trigonometric: 417, 
195 ff.; variable terms: 360, 178; 
see also Double series, etc. 

Infinitely small quantity: 19, 14; see 
also Infinitesimal. 

Infinitesimal: 19, 14; 150, 72; 252, 
120. 

Integrable functions: see Functions. 

Integrals, Abelian : 275, 105; 221, 108; 
226,110; differentiation of: see Dif- 
ferentiation of integrals; definite: 
149, 68 ff.; see also Evaluation of 
integrals ; double: 250, 120 ff.; ellip- 
tic: 226, 110; 231, 112; 233, 112; 
246, ex. 6; functions defined by: 
see Functions; hyperelliptic: 226, 
110; improper: 175, 89; 179, 90; 
188, 91; 2386, 140; 277, 1838; 289, 
161; 359,173; 369,175; indefinite : 
154, 76; 208, 103 ff.; see also Func- 
tions, primitive, and Evaluation of 
integrals; integration of: see Inte- 
gration of integrals; line: 784, 93; 
201, 102; 263, 126; 316, 152; 322, 
155 ; see also Differentials, total, and 
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Integral Pdx+Qdy, and Green’s 
theorem; logarithm: 245, 118; mul- 
tiple: 310, 150 ff.; 358, 171; 367, 
1745; Pde+Qdy: 316, 152 ff.; 
pseudo-elliptic: 234, 118; 246, ex. 5; 
247, ex. 7; surface: 280, 135 ff.; 322, 
155; triple: 296, 143; «dy —yda: 
189, 94; 191, 96; 206, ex. 14. 

Integraphs: 201, 162. 

Integration, of binomial differentials : 
224, 109; of integrals: 256, 123; 
mechanical: 207, 102; of series: 
201, 101; 364, 174; 368, 1743 see 
also Integrals. 

Interpolation: 298, 100. 

Interval: function defined in: 2,2; 7, 
5; of convergence : see Convergence. 

Intrinsic equations: see Equations. 

Invariants: 59, 30; 70, 37. 

Inverse functions: see Functions. 

Inversion, of functions: see Func- 
tions; transformation of: 66, 35; 
69, 36. 

Involutes: 432, 204; 436, 206; 480, 231. 

Involutions: 231,112; 234,113; 247, 
ex. 7. 

Involutory transformations: 69, 36; 
78,41; 79, 42. 


Jacobi: 22, ftn.; 32, ex. 5; 46, ftn.; 
68, ftn. 
Jacobians : 
nants. 

Jamet: 509, 248. 

Joachimsthal: 520, 250. 
Joachimsthal’s theorem: 520, 250. 
Jordan: 860, ftn. 


see Functional determi- 


Kelvin, Lord: 85, ex. 10. 

Kepler: 406, 189. 

Kepler’s equation: 249, ex. 19; 406, 
189. 

Koenigs: 540, ex. 14. 


Lagrange: 5,5; 7,6; 29, 18; 90, 44; 
198, 100; 274, 181; 404, 189; 445, 
212. 

Lagrange’s formula (implicit func- 
tions): 34, ex. 8; 404, 189; formula 
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(interpolation): 198, 100; identity : 
274, 181. 

Lamé: 80, ftn.; 82, 43; 325, ex. 10. 

Laplace: 73, 38; 84, ex.8; 404, 189. 

Laplace’s equation: 73, 38. 

Laugel: 140, ftn. 

Law of the mean, for derivatives: 8, 
8; 15,11; 16, ftn.; 98, 48; 155,76; 
265, 127; for integrals (1st law): 151, 
74; 253,121; for integrals (2d law): 
151,74; 205, ex.13; generalizations: 
10, 8; 98, 48; 265, 127. 

Lebesgue: 422, 199. 

Legendre: 38, ex.9; 68, 36; 173, 88; 
366, 174; 394, 184. 

Legendre’s polynomials: 33, ex. 9; 
173, 88; 201, 101; formula: 431, 
208; integrals: 233,112; 366, 174; 
394, 184; transformation: 68, 36; 
77, 41. 

Leibniz: 7,6; 19, —; 27,17; 29, 18. 

Leibniz’ formula: 27, 17. 

Lemniscate: 223, 108; 234, 112. 

Length: 161, 80; 164, 80; etc. 

Lie: 68, ftn. 

L’ Hospital, de: 10, 8. 

L’ Hospital, de, theorem: 10, 8. 

Limit: 7, 1; a lower: 140, 68; an 
upper: 91, ftn.; 140, 62; greatest : 
see Greatest limit; of error: see 
Evaluation ; of integration: see In- 
tegrals; the lower: 142, 68; the 
upper: 741, 62. 

Line complexes: see Complexes; con- 
gruences: see Congruences; inte- 
grals: see Integrals. 

Line of curvature: see Curvature. 

Line of striction: see Striction. 

Linear transformations: see Trans- 
formations. 

Liouville: 237, 111. 

Logarithm: 57,28; 100, 49; 102, 49; 
382, 179. 

Loop-circuit: 319, 158. 

Lyon: 484, ftn. 


Malus: 535, 257. 
Malus’ theorem: 535, 257. 
Mannheim: 495, exs. 7and 11; 524, 252. 
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Mansion: 207, ex. 24. 

Mass: 296, 148. 

Maximum: 3,38; 116, 55 ff.; 251, 120; 
see also Extremum. 

McLaurin’s series: 99, 48; 382, 179; 
see also Taylor’s series. 

Mean, law of the: see Law. 

Mechanical quadrature: 201, 102. 

Mertens: 352, 168. 

Meusnier: 497, 239. 

Meusnier’s theorem: 497, 239. 

Minimum: 3, 3; 116, 55; see also 
Extremum. 

Mobius’ strip: 280, ftn. 

Monge: 29,18; 44, 24; 523, 251. 

Monotonically increasing functions: 
see Functions, monotonic. 

Multiple series: 310, 150 ff.; 358, 171; 
367, 174. 

Multiplication of series: see Series. 

Murphy: 373, ex. 1. 


Newton: 19, ftn. 

Normal sections: 497, 239; 501, 240. 

Normals, congruence of: 533, 2563 
length of: 30, 19; plane curves: 30, 
19; principal (skew curves): 471, 
226. 

Numbers, incommensurable: 742, ftn,; 
171, 87; 249, ex. 21; transcenden- 
tal: 171, 87. 


Order of contact: see Contact. 
Ordinary points: see Points. 
Orthogonal systems, of curves: 375, 
182; triple: 80, 43; 521, 251. 
Oscillation : 142, 69; 251, 120; 448, 213. 
Osculating plane: 453, 215; 455, 216; 
sphere: 492, 287. 
Osculation: 93, 45; 448, 218; 4538, 
215; 455, 216; 488, 235; 492, 237. 
Osgood: 53, ftn.; 151, ftn.; 369, ftn. 
Ostrogradsky: 309, ftn. 
Ostrogradsky’s theorem: 309, 149. 


Painlevé: 88, ex. 23. 

Parabola: 135, 64 ; 137, 66 ; 220, 107. 
Parabolic point: 500, 239; 520, 249. 
Paraboloid: 515, 246; 523, 251. 
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Parallel curves: 207, ex. 20; surfaces: 
86, ex. 16. 

Parameter of distribution: 528, 253 ; 
530, 254. 

Parameters, differential; see Differ- 
ential. 

Partial differential equations: see 
Equations, partial differential. 

Peano: 456, ftn. 

Pedal curves: 69, 36; 207, exs. 21 
and 22. 

Pellet: 495, ex. 11. 

Periodic functions: see Functions. 

Periods: 318, 153. 

Picard: 322, 154; 538, 258. 

Planimeter: 201, 102. 

Poincaré: 386, 181. 

Point transformations: see Transfor- 
mations. 

Points, ordinary : 110, 53; 408, 192. 

Points, singular: 110, 58; 114, 54; 
319, 158; 408, 192; 409, ftn. 

Poisson: 204, ex. 6; 325, ex. 8. 

Polar coérdinates: see Codrdinates. 

Polar line: 473, 227. 

Polar surface: 473, 227. 
Polynomials, continuity of: 3, 33 rela- 
tively prime: 271, 104; 214, 104. 
Potential equation : see Laplace’s equa- 
tion. 

Power series: 375, 177 ff.; double: 
894, 185. 

Primitive functions: 139, 67; 154, 76; 
see also Integrals. 

Principal normals, tangents, etc. : see 
Normals, Tangents, etc. 

Pringsheim: 340, 162. 

Prismoid: 285, 188; 310, 150. 

Prismoidal formula: 285, 138. 

Projective transformations: see Trans- 
formations. 

Psendo-elliptic integrals : see Integrals. 

Puiseux: 484, 232. 


Quadrature: 134, 64; 135, 65; 160, 
78; see also Area, Integrals, etc. 

Quadrics, confocal: 533, 251. 

Quartic curves: 223, 108. 

Quetelet: 535, 257. 
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Raabe: 340, 163. 

Raabe’s test: 340, 163. 

Radius of curvature, of torsion: see 
Curvature, Torsion. 

Rational functions: see Functions. 

Reciprocal equations: see Equations; 
polars: see Transformations; radii: 
see Transformations. 

Rectification of curves: see Length. 

Reduction formule: 208, 103; 210, 
104; 226, 110; 227, 110;. 239, 115; 
240, 116; 244, 118; 248, exs. 15, 
16, and 17; 249, ex. 21. 

Regression, edge of: 463, 221. 

Regular curves: see Curves. 

Remainder (Taylor’s series): 90, 44; 
98, 48. 

Reversion of series: 407, 190. 

Riccati equations: 511, 244. 

Riemann: 140, ftn.; 309, ftn.; 347, 
165. 

Riemann’s theorem : 309, ftn. ; see also 
Green’s theorem. 

Roberts: 294, ex. 10. 

Rodrigues: 33, ex. 8; 517, 248. 

Rodrigues’ formula: 517, 248. 

Rolle’s theorem: 7, 7. 

Roots, existence of: 3, 3; 291, 142; 
321, 154; see also Functions, im- 
plicit, and D’Alembert’s theorem. 

Roulette: 207, ex. 23; 220,107; 526, 
252. 

Rouquet: 495, ex. 4. 

Ruled surfaces: see Surfaces. 


Scheffer: 125, 56. 

Schell: 495, ex. 7. 

Schwarz: 11, 9. 

Schwarzian : 88, ex. 22. 

Sequences: 327, 156 ; see also Infinite 
series. 

Series: see Infinite series, Taylor’s 
series, Double series, etc. 

Serret: 234, ftn.; 495, ex. 7. 

Serret’s curves: 234, ftn. 

Simpson: 199, 100. 

Singular points: 110, 53; 114, 54; 
319, 158; 408, 192; 409, ftn. 

Sinistrorsal (skew curve): 476, 228. 
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Skew curves: see Curves. 

Steiner: 207, ex. 23. 

Stokes: 282, 186. 

Stokes’ theorem: 282, 136. 

Striction, line of: 529, 258. 

Sturm: 174, 88. 

Sturm sequences: 174, 88. 

Subnormal: 30, 19. 

Substitution of series: 388, 182; 397, 
186 ; see also Double series. 

Substitutions: see Transformations. 

Subtangent: 30, 19. 

Surface integrals: see Integrals. 

Surfaces: 75, 39; 497, 239 ff.; ana- 
lytic: 420, 194 ff.; apsidal: 86, ex. 
17; developable: 79, 42; 461, 221; 
464, 222; 505, 2415 focal: 531, 255; 
parallel: 86, ex. 16; ruled: 285, 138; 
509, 244; 526, 253; translation : 513, 
245; tubular: 524, 252; unilateral : 
280, 1853; wave: 86, ex. 17. 


Tangential equations: 207, ex. 21. 

Tangents, asymptotic: 503, 240; con- 
jugate: 511, 245; length of: 30, 19; 
principal: 503, 2405 stationary: 457, 
217; to curves (plane): 5,5; 63, 32; 
92,45; 97,47; to curves (skew): 5, 
5; 51, 273 to surfaces: 16, 12; 39, 
22; 76, 39 and ftn. 

Tannery: 358, ftn. 

Taylor’s series: 89, 44 ff.; 98, 48 ff.; 
171, 86; 197, 51; 3884, 180; 396, 185. 

Tchebycheff: 257, 128. 

Term-by-term differentiation : see Dif- 
ferentiation of series; integration: 
see Integration of series. 

Tests for convergence: see Conver- 
gence. 

Thompson, Sir Wm.: see Kelvin, Lord. 

Tissot: 495, ex. 6. 

Torsion and Radius of torsion: 473 
and 474, 228. 

Total differentials: see Differentials. 
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Tractrix: 44/7, 209. 

Transcendental numbers: 1/77, 87. 

Transformations, contact: 67, 36; 77, 
41; 78, 42; involutory: 69, 86; 78, 
41; 79, 425 linear: 59, 380; of codrdi- 
nates: 65, 34; 76, 40; etc.; of curves: 
66, 35; of independent variable: 61, 
81; 70,38; 74,393 of integrals: see 
Change of variables; point: 66, 35; 
68, 36; 77, 40; projective: 66, 35; 
69, 373 reciprocal polars: 69, 36; 
78, 41; reciprocal radii: 66, 35; 69, 
36. 

Trigonometric functions: see Func- 
tions; series: 471, 195. 

Triple integrals: see Integrals. 

Triply orthogonal systems: see Orthog- 
onal systems. 


Umbilics: 505, 241; 520, 249. 

Uniform curves, continuity, conver- 
gence, infinitesimal: see Curves, 
Continuity, Convergence, Infinitesi- 
mail, etc. 

Unilateral surfaces: see Surfaces and 
Mobius’ strip. 

Upper limit: see Limit. 


Value, absolute: 3, 3; 378. 

Variable, complex: 375. 

Variations, calculus of: 257, 128. 

Viviani: 286, 139. 

Viviani’s formula: 286, 139. 

Volume: 254, 122; 284,187; 325, ex. 8; 
326, ex. 18. 


Wallis: 240, 116. 

Wallis’ formula: 240, 116. 

Wave surface: 86, ex. 17. 

Weierstrass: 6, 5; 153, 75; 200, ftn.; 
402, 87; 422, 199. 

Weierstrass’ theorem: 422, 199. 


Ziwet: 406, ftn. 


